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Résumé

La thèse a pour objet de prouver le principe d’invariance dans des espaces
de Hölder pour le processus de sommation multiparamétrique et d’utiliser ce
résultat en détection de rupture dans des données de panel. On caractérise
d’abord la convergence en loi dans un espace de Hölder, du processus de som-
mation multiparamétrique dans le cas d’un champ aléatoire i.i.d. d’éléments
aléatoires centrés et de carré intégrable d’un espace de Hilbert séparable, par
la finitude d’un certain moment faible dont l’ordre croît avec l’exposant de
Hölder, depuis deux lorsque l’exposant est nul, jusqu’à l’infini lorsque l’ex-
posant est un demi. Ensuite on considère les tableaux triangulaires centrés
à valeurs réelles. On propose une construction adaptative du processus de
sommation qui coïncide avec la construction classique pour le cas d’un seul
paramètre. On prouve le théorème limite central fonctionnel hölderien pour
ce processus. Le processus limite est gaussien sous certaines conditions de ré-
gularité pour les variances du tableau triangulaire, le drap de Wiener n’étant
qu’un cas particulier. Enfin on fournit des applications de ces résultats théo-
riques en construisant des statistiques de détection de rupture épidémique
dans un ensemble de données multi-indexées. On construit un test de détec-
tion d’un changement d’espérance dans un rectangle épidémique, trouve sa
loi limite et donne des conditions pour sa consistance. On adapte notre statis-
tique pour la détection de rupture du coefficient dans les modèles classiques
de régression pour panel.

Mots clés : Théorème limite central fonctionnel, drap brownien à valeurs
dans un espace de Hilbert, espace de Hölder, principe d’invariance, processus
de sommation, tableau triangulaire, données panellisées, rupture structurelle,
test CUSUM

Classification JEL : C13, C23.

Classification AMS (2000) : 60B12, 60F17, 60G60, 62G10, 62G20, 62J05



Invariance principle for multiparameter summation
processes and applications

Abstract

The thesis is devoted to proving invariance principle in Hölder spaces for
the multi-parameter summation process and then using this result to con-
struct the tests for detecting structural breaks in panel data. First we char-
acterize the weak convergence in Hölder space of multi-parameter summation
process in the case of i.i.d. random field of square integrable centered random
elements in the separable Hilbert space by the finiteness of certain weak mo-
ment, whose order increases with the Hölder exponent, turning to two, when
exponent is zero and to infinity when exponent is one half. Next we consider
real valued centered triangular arrays. We propose adaptive construction of
the summation process which coincides with classical construction for the
one parameter case. We prove the functional central limit theorem for this
process in Hölder space. The limiting process is Gaussian under certain reg-
ularity condition for variances of the triangular array, Brownian sheet being
a special case. Finally we provide some application of the theoretical re-
sults by constructing statistics for detecting an epidemic change in a given
data with multi-dimensional indexes. We construct a test for detecting the
change of the mean in a epidemic rectangle, find its asymptotic distribution
and give the conditions for the consistency. We adapt our proposed statistic
for detecting the change of the coefficient in the classical panel regression
models.

Key words : Functional central limit theorem, Hilbert space valued Brown-
ian sheet, Hölder space, invariance principle, summation process, triangular
array, panel data, structural break, CUSUM test.

JEL classification: C13, C23.

AMS (2000) classification: 60B12, 60F17, 60G60, 62G10, 62G20, 62J05
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Résumé substantiel

Le principe d’invariance est un résultat de la théorie des probabilités affir-
mant qu’un certain processus construit sur des sommes partielles de variables
aléatoires converge en loi et que le processus limite ne dépend pas de la loi
de ces variables. Ce résultat est une généralisation du théorème limite cen-
tral (désigné ci-dessous par son acronyme anglais CLT) et est quelquefois
aussi appelé théorème limite central fonctionnel (acronyme anglais FCLT),
puisque la convergence en loi considérée usuellement a lieu dans un certain
espace fonctionnel.

Le premier résultat de ce type fut prouvé par Prokhorov[24] et Dons-
ker [10]. Ils ont considéré le processus de sommation basé sur des variables
aléatoires i.i.d. centrées X1, . . . , Xn :

ξn(t) = S[nt] + (nt− [nt])X[nt]+1, t ∈ [0, 1], (1)

où Sk = X1 + · · · + Xk, pour k = 1, . . . , n et S0 = 0. Les trajectoires de
ce processus étant des lignes polygonales, le processus peut être vu comme
un élément aléatoire de l’espace de fonctions continues C([0, 1]). Donsker et
Prokhorov ont prouvé qu’un tel processus (normé par

√
n et σ =

√
EX2

1 )
converge en loi quand n tend vers l’infini, vers le mouvement brownien W (t)
– processus gaussien centré de fonction de covariance EW (t)W (s) = t∧s. La
condition nécessaire et suffisante pour cette convergence est que σ <∞, i.e.
l’existence du moment d’ordre 2. On dit qu’une suite d’éléments aléatoires
d’un espace métrique séparable B converge en loi vers un élement aléatoire
Y , si E f(Yn)→ E f(Y ), pour toute fonctionnelle f continue bornée sur B. Il
est facile de voir pourquoi ce résultat est une généralisation du CLT puisque
ξn(1) = Sn.

Le FCLT, combiné avec le théorème de conservation de la convergence
en loi par image continue, implique la convergence en loi de g(σ−1n−1/2ξn)
vers g(W ) pour toute fonctionnelle continue g. Ceci procure de multiples
applications statistiques. Un exemple classique d’une telle application est un
test de détection d’une rupture dans l’espérance d’un échantillon. Une des
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RÉSUMÉ SUBSTANTIEL 6

statistiques pour un tel test est

Q = max
1≤k≤n

|Sk −
k

n
Sn|.

La statistiqueQ s’écritQ = g(ξn) pour la fonctionnelle g(x) = sup0≤t≤1 |x(t)|.
Puisque g est continue sur l’espace C([0, 1]), le FCLT nous fournit sous l’hy-
pothèse nulle d’un échantillon i.i.d. de variance 1 et d’espérance fixée, la
convergence en loi

n−1/2Q
D−→ sup

0<t<1
|W (t)− tW (1)|.

Sous l’hypothèse alternative d’existence d’un point k∗ tel que EXi = µ0 +
(µ1 − µ0)1 (i > k∗), la statistique n−1/2Q tend vers l’infini, donc le test est
consistant. Si on considère l’alternative dite « épidémique », EXi = µ0 +
(µ1 − µ0)1 (k∗ < i ≤ l∗), alors on peut utiliser la statistique

R = max
1≤k<l≤n

|Sl − Sk − l−k
n
Sn|

[(l − k)/n]α .

Mais la fonctionnelle correspondante du processus de sommation :

g(x) = sup
0<|t−s|<1

|x(t)− x(s)|
|t− s|α

n’est alors plus continue sur C([0, 1]). Elle est néanmoins continue sur l’espace
de Banach (Ho

α, ‖ ‖α), 0 < α < 1, des fonctions x : [0, 1]→ R telles que

‖x‖α := |x(0)|+ wα(x, 1) <∞,

où
wα(x, δ) := sup

0<|t−s|≤δ

|x(t)− x(s)|
|t− s|α

−−→
δ→0

0.

Pour obtenir la loi limite de la statistique R, nous avons alors besoin d’un
FCLT dans Ho

α. Notons que l’espace Ho
α a une topologie plus fine que C([0, 1]),

donc son espace de fonctionnelles continues est plus « riche ». Notons aussi
qu’en raison du module de continuité du mouvement brownien, la restriction
0 < α < 1/2 s’impose. L’intérêt d’une statistique hölderienne comme R est de
permettre la détection de « courtes » épidémies, typiquement k∗−l∗ de l’ordre
de nγ pour 0 < γ < 1/2, le choix de γ étant lié à l’intégrabilité des Xi, alors
que sans le dénominateur dans R, on reste limité à la détection d’épidémies de
longueur au moins n1/2. Dans ce travail, nous nous intéressons à l’extension de
cet avantage aux processus de sommation multiparamétriques. Ces processus
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apparaissent dans l’étude des sommes partielles de variables aléatoires multi-
indexées. Outre la curiosité mathématique, l’intérêt de l’étude de ce type
de variables est qu’il est parfois plus commode d’attacher plusieurs indices
à une observation. Par exemple, si on mesure une certaine propriété pour
un échantillon d’individus au cours du temps, il est naturel d’attribuer deux
indices aux observations, le numéro de l’individu et l’instant d’observation.
On appelle ceci données longitudinales ou données de panel.

Nous donnons maintenant une définition du processus de sommation mul-
tiparamétrique plus générale que celle utilisée dans ce travail, de façon à pou-
voir situer nos résultats dans leur contexte historique. Notons |A| la mesure
de Lebesgue du sous-ensemble borélien A de Rd. Pour une collection A de
parties boréliennes de [0, 1]d, le processus de sommation {ξn(A); A ∈ A}
basé sur le champ aléatoire {Xj , j ∈ Nd}, de variables aléatoires réelles i.i.d.
centrées est défini par

ξn(A) =
∑

1≤j≤n
|Rn,j|−1|Rn,j ∩ A|Xj , (2)

où j = (j1, . . . , jd), n = (n1, . . . , nd), Rn,j est le « rectangle »

Rn,j :=
[
j1 − 1
n1

,
j1

n1

)
× · · · ×

[
jd − 1
nd

,
jd
nd

)

et la condition d’indexation « 1 ≤ j ≤ n » s’entend composante par compo-
sante : 1 ≤ j1 ≤ n1, . . . , 1 ≤ jd ≤ nd. Notons que pour A = {[0, t], t ∈ [0, 1]},
le processus ainsi défini coïncide avec celui défini par (1).

En munissant la collection A d’une certaine pseudo-métrique δ, on peut
définir l’espace C(A) des fonctions réelles continues sur A, muni de la norme

‖f‖A := sup
A∈A
|f(A)|.

Les semi-métriques usuelles sont δ(A,B) =
√
|A∆B|, ou δ(A,B) =

√
m(A∆B),

pour A,B ∈ A, où m est une mesure de probabilité sur la tribu borélienne de
[0, 1]d. Les trajectoires du processus ξn(A) vivent alors dans l’espace C(A).
Lorsque A est totalement borné relativement à δ, C(A) est un espace de
Banach séparable. Le processus {ξn(A), A ∈ A} est alors un élément aléa-
toire d’un espace métrique séparable et il est possible de rechercher un FCLT
pour un tel processus. La limite en loi d’un tel processus de sommation est
la généralisation du mouvement brownien appelée drap brownien ou drap de
Wiener. C’est un processus gaussien centré W , indexé par A, à trajectoires
dans C(A) et vérifiant

EW (A)W (B) = |A ∩B|, A,B ∈ A.
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L’existence d’un tel processus est prouvée au prix de quelques restrictions
sur la collection A, qui s’expriment usuellement par une certaine condition
sur son entropie métrique.

Considérons la famille de rectangles

Qd :=
{

[0, t1]× · · · × [0, td]; t = (t1, . . . , td) ∈ [0, 1]d
}
. (3)

Le premier FCLT dans C(A) pour {ξn(A);A ∈ A} fut établi par Kuelbs [19]
dans le cas particulier de la famille A = Qd sous certaines hypothèses res-
trictives de moments et par Wichura [42] sous l’hypothèse de variance finie.

En 1983, Pyke [25] a établi un FCLT dans C(A), pourvu que A satisfasse
la condition d’entropie avec crochets. Cependant son résultat supposait des
conditions de moment dépendant de la taille de la collection A. Bass [3] et
simultanément Alexander et Pyke [1], ont étendu ce résultat aux champs
aléatoires i.i.d. de variance finie. Des développements ultérieurs concernent
l’affaiblissement des conditions d’entropie sur la collection A, Ziegler [43], et
le remplacement de l’hypothèse i.i.d. sur le champ aléatoire {Xn, n ∈ Nd} par
des hypothèses de dépendance, cf. Dedecker [8], El Machkouri et Ouchti [12]
entre autres.

Le FCLT dans les espaces de Hölder n’a pas été aussi intensivement étu-
dié. En 1962, Lamperti [20] obtenait le premier théorème limite central fonc-
tionnel dans les espaces de Banach séparables Ho

α, 0 < α < 1/2. En supposant
que E |X1|q <∞ pour un q > 2, il prouvait la convergence en loi de n−1/2ξn
vers W dans l’espace de Hölder Ho

α pour tout α < 1/2− 1/q. Račkauskas et
Suquet dans [31], voir aussi [28], ont obtenu une condition nécessaire et suf-
fisante pour le théorème limite central fonctionnel de Lamperti, à savoir que
pour 0 < α < 1/2, n−1/2ξn converge en loi dans Ho

α vers W si et seulement si

lim
t→∞

tp(α)P (|X1| > t) = 0,

où
p(α) := 1

1
2 − α

. (4)

L’espace de Hölder géneral Hρ(A) pour la collection A et la fonction de
poids ρ est défini comme le sous-espace de C(A) constitué des fonctions pour
lesquelles

sup
0<δ(A,B)<1

|x(A)− x(B)|
ρ(δ(A,B)) <∞.

Pour l’existence de W dans un tel espace, voir Dudley [11] et Erickson [13].
Dans le cas où ρ(h) = hα, Erickson [13] prouve que α ne peut excéder 1/2
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et décroît quand l’entropie de A croît. Les résultats les plus généraux pour
le FCLT dans les espaces Hρ(A) sont fournis par Erickson [13] qui montre
que si E |Xj|q < ∞ pour un q > 2, le FCLT est vérifié dans Hρ(A) pour
un ρ dépendant de q et des propriétés de A. Pour d = 1 et la classe A des
intervalles [0, t], 0 ≤ t ≤ 1, les résultats d’Erickson coïncident avec ceux
de Lamperti [20], tandis que son cas d > 1 requiert des moments d’ordre
q > dp(α) avec le même p(α) que dans (4).

La classe de sous-ensembles Qd est isomorphe au cube unité [0, 1]d par la
bĳection [0, t] ↔ t. Il est alors naturel de traiter le processus ξn(A) comme
une fonction à plusieurs variables ou « multiparamétrique » ξn(t). Račkaus-
kas et Suquet ont étudié intensivement les espaces hölderiens de fonctions
multiparamétriques et mis au point tous les outils pour prouver le FCLT
dans de tels espaces. Au vu de la généralisation du principe d’invariance
de Lamperti, la question se pose naturellement d’un résultat analogue dans
le cas multiparamétrique. Cette question est complètement résolue dans la
présente contribution.

Le premier chapitre de la thèse collecte tous les outils et résultats utiles
pour prouver le théorème limite central fonctionnel dans des espaces de Höl-
der. Le processus de sommation {ξn,n ∈ Nd} est en réalité un filet (net),
alors que tous les critères usuels concernent des suites. Donc dans ce cha-
pitre, nous adaptons tous les résultats existants au cas des filets au lieu des
suites. H désignant un espace de Hilbert séparable, nous commençons par
définir l’espace de Hölder Ho

α(H) des fonctions multiparamétriques à valeurs
hilbertiennes comme l’espace vectoriel des fonctions x : [0, 1]d → H telles que

‖x‖α := ‖x(0)‖+ ωα(x, 1) <∞,

avec
ωα(x, δ) := sup

0<|t−s|≤δ

‖x(t)− x(s)‖
|t− s|α

−−→
δ→0

0.

Muni de la norme ‖.‖α, Ho
α(H) est un espace de Banach séparable, voir [27]

ou [33]. Nous rappelons alors tous les faits utiles concernant cet espace,
d’après Račkauskas et Suquet [27]. Ceci nous permet de prouver le critère
d’équitension suivant pour les filets d’éléments aléatoires de Ho

α(H).
Théorème 1 Soient {ζn,n ∈ Nd} et ζ des éléments aléatoires de l’espace
Ho
α(H). Supposons satisfaites les conditions suivantes.
i) Pour tout point dyadique t ∈ [0, 1]d, le filet d’éléments aléatoires de H
ζn(t) est assymptotiquement équitendu dans H.

ii) Pour tout ε > 0,

lim
J→∞

lim sup
m(n)→∞

P (sup
j≥J

2αj max
v∈Vj
‖λj,v(ζn)‖ > ε) = 0.
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Alors le filet ζn est asymptotiquement équitendu dans l’espace Ho
α(H).

Dans cet énoncé, m(n) désigne le minimum des composantes du vecteur n et
la quantité λj,v(ζn) provient d’une décomposition de Schauder particulière de
l’espace Ho

α(H) et est définie comme une différence seconde de ζn en certains
points dyadiques.

Le chapitre se poursuit par la définition du processus limite pour le FCLT
dans l’espace Ho

α(H), à savoir un drap de Wiener à valeurs dans H avec un
opérateur de covariance Γ. Il est défini comme un processus gaussien centré
à valeurs dans H, indexé par [0, 1]d et vérifiant

E 〈W (t), x〉〈W (s), y〉 = (t1 ∧ s1) . . . (td ∧ sd)〈Γx, y〉

pour tous t, s ∈ [0, 1]d et tous x, y ∈ H. Comme ce processus n’est pas d’un
emploi usuel dans la littérature, nous donnons une preuve de son existence.

Ensuite, on rappelle les inégalité de Rosenthal et de Doob qui sont utiles
pour prouver l’équitension. Pour des éléments aléatoires (Yi)i∈I indépendants
d’un espace de Hilbert, l’inégalité de Rosenthal s’écrit

E
∥∥∥∥∥∑
i∈I

Yi

∥∥∥∥∥
q

≤ C ′q

(
E
∥∥∥∥∥∑
i∈I

G(Yi)
∥∥∥∥∥
q

+
∑
i∈I

E ‖Yi‖q
)
,

et peut donc s’appliquer pour des sommes finies indexées par un ensemble
quelconque. La généralisation de l’inégalité de Doob pour des sommes de
variables aléatoires réelles multiparamétriques est donnée par Khoshnevisan.
Nous montrons qu’elle s’étend aussi au cas d’éléments aléatoires hilbertiens :

E max
0≤j≤n

‖Sj‖p ≤
(

p

p− 1

)dp
E ‖Sn‖p,

pour tous n ∈ Nd et p > 1.
Le second chapitre donne les propriétés détaillées du processus de somma-

tion (2). Il se trouve que ce processus admet l’utile représentation suivante.

Proposition 2 Pour t ∈ [0, 1]d, notons s = {nt} et représentons les som-
mets V (u) du rectangle Rn,[nt]+1 par

V (u) := [nt]
n

+ u

n
, u ∈ {0, 1}d.

On peut alors écrire t comme barycentre de ces 2d sommets munis des masses
w(u) ≥ 0 dépendant de t, i.e.,

t =
∑

u∈{0,1}d
w(u)V (u), avec

∑
u∈{0,1}d

w(u) = 1,
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où
w(u) =

d∏
l=1

sull (1− sl)1−ul .

À partir de cette représentation, définissons pour une collection {Xi,1 ≤ i ≤
n} d’éléments aléatoires d’un espace de Banach, le champ aléatoire ξ∗n par

ξ∗n(t) =
∑

u∈{0,1}d
w(u)S[nt]+u, t ∈ [0, 1]d.

Alors ξ∗n coïncide avec le processus de sommation défini par (2).

Cette proposition permet d’obtenir la majoration suivante de l’expression qui
apparaît dans le critère d’équitension du théorème 1, ii) :

sup
j≥J

2αj max
v∈Vj
‖λj,v(ξn)‖ ≤ 3d

d∑
m=1

(
max

J≤j≤lognm
2αj max

0≤k<2j
ψ(m)
n (tk+1, tk) + nαmZ

(m)
n

)
où

ψ(m)
n (t′, t) := max

1−m≤k−m≤n−m

∥∥∥∥ [nmt′]∑
km=[nmt]+1

∆(m)
km
Sk

∥∥∥∥, Z(m)
n := max

1≤k≤n
‖∆(m)

k1 Sk‖.

Les opérateurs de différence ∆ utilisés dans ces formules sont définis par

∆(i)
k Sj := S(j1,...,ji−1,k,ji+1,...,jd) − S(j1,...,ji−1,k−1,ji+1,...,jd).

L’obtention de ce majorant n’utilise aucune hypothèse sur la loi ou la
dépendance des variables aléatoires concernées, il peut donc être réutilisé
pour prouver un FCLT dans d’autres situations que le cas i.i.d.

Le principe d’invariance dans l’espace Ho
α(H) est établi dans le chapitre 3.

Théorème 3 Pour 0 < α < 1/2, posons p = p(α) := 1/(1/2 − α). Pour
d ≥ 2, soit {Xi ; i ∈ Nd, i ≥ 1} une collection i.i.d. d’éléments aléatoires
centrés et de carré intégrable de l’espace de Hilbert séparable H et soit ξn le
processus de sommation défini par

ξn(t) =
∑
i≤n

π(n)
∣∣∣∣∣
[
i− 1
n

,
i

n

)
∩ [0, t]

∣∣∣∣∣Xi.

Notons W un drap brownien à valeurs dans H avec le même opérateur de
covariance que X1. Alors la convergence en loi

π(n)−1/2ξn
Hoα(H)−−−−−−→

m(n)→∞
W



RÉSUMÉ SUBSTANTIEL 12

a lieu si et seulement si

π(n)P
(
‖X1‖ > n1/p

m π(n−m)1/2
)
−−−−−−→

m(n)→∞
0, (5)

pour m = 1, . . . , d, où l’on a noté π(n) le produit des composantes du mul-
tiindice n et π(n−m) celui de toutes les composantes sauf nm.

Bien que la condition (5) paraisse assez technique, nous montrons qu’elle
équivaut à la finitude du moment faible d’ordre p de X1, i.e.

sup
t>0

tpP (‖X1‖ > t) <∞.

Ce nous donne immédiament l’amélioration de resultats d’Erickson, où la
condition pour FTCL est l’existence E |X1|q <∞ pour q > dp.

En outre, l’utilité de (5) est de montrer quel type de condition de moment
est requise si on considère une convergence plus faible que m(n) → ∞.
Regardons par exemple la convergence restreinte aux n de la forme n =
(n, . . . , n), ce qui est le cadre usuel pour prouver le FCLT pour des processus
de sommation généraux. Alors la condition de moment se réduit à

lim
t→∞

t
2d

d−2αP (‖X1‖ > t) = 0,

ce qui est vérifié pour tout d > 1 et tout 0 < α < 1/2 dès que E ‖X1‖4 <∞.
Ceci contraste avec le résultat correspondant pour la convergence hölderienne
de la ligne polygonale de Donsker-Prokhorov où nécessairement E |X1|q <∞
pour tout q < p(α).

Les chapitres 2 et 3 explorent aussi la possibilité d’affaiblir l’hypothèse
i.i.d. Quelques résultats sont prouvés dans le cadre des tableaux triangu-
laires. Pour des processus de sommation généraux (2), le cas des tableaux
triangulaires a été étudié par Goldie et Greenwood [14], [15]. Ils ont utilisé
la construction classique du processus de sommation, ce qui fait que leur
résultat ne coïncide pas quand d = 1, avec celui de Prokhorov [24] pour le
processus adaptatif Ξn indexé par [0, 1], défini comme la ligne polygonale de
sommets (bn(k), Sn(k)), où bn(k) = EX2

n,1 + · · · + EX2
n,k, où l’on suppose

que bn(kn) = 1, et que les Xn,k sont des variables aléatoires independantes
non identiquement distribuées.

Bickel et Wichura [5] ont tenté d’introduire une construction adapta-
tive pour des processus de sommation généraux. Néanmoins, ils posent des
conditions restrictives sur les variances des variables aléatoires du tableau
triangulaire. Pour des variables aléatoires indépendantes centrées {Xn,ij, 1 ≤
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i ≤ In, 1 ≤ j ≤ Jn} dont les variances sont de la forme EXn,ij = an,ibn,j avec∑
an,i = 1 = ∑

bn,j, ils définisssent le processus de sommation comme

ζn(t1, t2) =
∑

i≤An(t1)

∑
j≤Bn(t1)

Xn,ij,

où

An(t1) = max{k :
∑
i≤k

an,i < t1}, Bn(t2) = max{l :
∑
j≤l

bn,j < t2}.

Il est facile de voir que cette construction est la généralisation 2-dimensionnelle
de la version processus de saut de la construction de Prokhorov. Bickel et Wi-
chura ont prouvé la convergence du processus ζn vers un drap de Wiener W
dans l’espace D([0, 1]2) des fonctions càdlàg à deux variables, en supposant
la négligibilité infinitésimale pour an,i et bn,j et la condition de Lindeberg
pour les Xn,ij.

La généralisation de la construction de Prokhorov pour le processus de
sommation multiparamétrique est proposée dans le chapitre 2. On y montre
que la construction de Bickel et Wichura— cas particulier de celle que nous
proposons— n’est pas suffisamment générale pour travailler avec tout tableau
triangulaire.

La construction de Prokhorov ne place pas les sommes partielles en des
points régulièrement espacés, mais en des points qui sont les variances des
sommes partielles. Pour le processus de sommation multiparamétrique, les
constructions standard placent les sommes partielles sur les points d’une grille
rectangulaire uniforme. Malheureusement, il n’est pas possible de construire
une grille rectangulaire sur le cube unité [0, 1]d de telle sorte que ses points
soient les variances des sommes partielles multiparamétriques. Nous propo-
sons alors d’utiliser une grille où les coordonnées des points sur chaque axe
sont les sommes des variances le long des autres axes. Pour clarifier cette
idée, introduisons quelques notations. Pour le tableau triangulaire

(Xn,k, 1 ≤ k ≤ kn), n ∈ Nd,

posons

bn(k) :=
∑
j≤k

σ2
n,k,

où σ2
n,k = EX2

n,k (nous imposons au tableau d’être centré et que la somme
des variances soit 1, i.e. bn(kn) = 1). Pour i = 1, . . . , d posons

bi(k) := bn(k1
n, . . . , k

i−1
n , k, ki+1

n , . . . , kdn),
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et définissons le rectangle de grille comme

Qn,k :=
[
b1(k1 − 1), b1(k1)

)
× · · · ×

[
bd(kd − 1), bd(kd)

)
.

Alors le processus de sommation que nous proposons est défini par

Ξn(t) =
∑

1≤j≤n
|Qn,j|−1|Qn,j ∩ [0, t]|Xn,j .

Comme pour le processus de sommation ξn(t) nous pouvons donner une
représentation de Ξn(t) par interpolation affine des valeurs aux sommets du
rectangle contenant t et de l’utiliser pour obtenir une majoration de normes
de Hölder séquentielles :

sup
j≥J

2αj max
v∈Vj
‖λj,v(Ξn)‖ ≤ 3d

d∑
m=1

(
max
j≥J

2jα max
r∈Dj

[ψ(m)
n (r, r−) + ψ(m)

n (r, r+)] + Z(m)
n ,

)
où

ψn(r, r−)(m) := max
k−m≤kn,−m

∣∣∣∣∣
um(r)∑

km=um(r−)+2
∆(m)
km
Sn(k)

∣∣∣∣∣,
ψn(r, r+)(m) := max

k−m≤kn,−m

∣∣∣∣∣
um(r+)∑

km=um(r)+2
∆(m)
km
Sn(k)

∣∣∣∣∣,
Z(m)
n := max

1≤k≤kn

|∆(m)
km
Sn(k)|

(∆bm(km))α .

Dans le cas d = 1 le processus de sommation proposé coïncide avec la
construction de Prokhorov. Les conditions pour un FCLT hölderien dans
ce cas ont été données par Račkauskas et Suquet [30]. Ils combinent une
certaine condition de moment avec la négligibilité infinitésimale du tableau
triangulaire. Leur condition de moment étant — dans ce contexte— plus
forte que celle de Lindeberg, la convergence des lois de dimension finie en
découle immédiatement. Ce n’est plus le cas pour le processus Ξn(t) quand
d ≥ 2. L’équitension est obtenue via les théorèmes suivants.
Théorème 4 Pour 0 < α < 1/2, posons p(α) := 1/(1/2− α). Si

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞

et pour un certain q > p(α)

lim
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k|q = 0,

alors le filet {Ξn,n ∈ N} est asymptotiquement équitendu dans l’espace
Ho
α([0, 1]d).
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Introduisons pour tout τ > 0 les variables aléatoires tronquées :

Xn,k,τ := Xn,k1{|Xn,k| ≤ τσ2α
n,k}.

Théorème 5 Supposons que

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞ (6)

et que les conditions suivantes soient vérifiées.
i. Pour tout ε > 0,

lim
m(n)→∞

∑
1≤k≤kn

P (|Xn,k| ≥ εσ2α
n,k) = 0.

ii. Pour tout ε > 0,

lim
m(n)→∞

∑
1≤k≤kn

EX2
n,k1{|Xn,k| ≥ ε} = 0.

iii. Pour un certain q > 1/(1/2− α),

lim
τ→0

lim
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k,τ |q = 0.

Alors le filet {Ξn,n ∈ N} est asymptotiquement équitendu dans l’espace
Ho
α([0, 1]d).

Ces théorèmes constituent une généralisation directe des conditions données
par Račkauskas et Suquet.

Même si les conditions d’équitension ci-dessus assurent que le tableau
triangulaire vérifie le CLT, elles ne nous disent rien sur la convergence des
lois fini-dimensionnelles du processus Ξn(t). Nous montrons que les limites
des lois fini-dimensionnelles, si elles existent, sont gaussiennes, mais ce ne
sont pas nécessairement les lois fini-dimensionnelles du drap de Wiener. Plus
précisément, nous montrons que si on a la convergence

µn(t) :=
∑

1≤k≤kn

1{B(k) ∈ [0, t]}σ2
n,k → µ(t), quand m(n)→∞

pour une certaine fonction µ(t), alors le processus limite G(t) est gaussien
de covariance EG(t)G(s) = µ(s ∧ t). Nous donnons des exemples montrant
à quel type de comportement asymptotique on peut s’attendre.
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Exemple 1 Xn,k = an,kYk, où les {Yk,k ≤ kn} sont i.i.d. gaussiennes stan-
dard, et

a2
n,k =


1

10n2 , pour k ≤ (n, n)
3

10n2 , sinon.
(7)

Le tableau triangulaire ainsi défini vérifie la condition (6), mais un calcul
élémentaire montre que pour ce tableau

µn(t)→ ν(t) := 1
10

(
5
2t1 ∧ 1

)(
5
2t2 ∧ 1

)
+ (5t1 − 2) ∨ 0

10

(
5
2t2 ∨ 1

)

+(5t2 − 2) ∨ 0
10

(
5
2t1 ∨ 1

)
+

(
(5t1 − 2) ∨ 0

)(
(5t2 − 2) ∨ 0

)
30 .

Dans l’exemple suivant, la situation est encore pire puisque µn(t) ne converge
pour aucun t.

Exemple 2 Xn,k = bn,kYk où les {Yk,k ≤ kn} sont i.i.d. gaussiennes stan-
dard, et

b2
n,k =

π(kn)−1, pour n = (2l − 1, 2l − 1), l ∈ N
a2
n,k, pour n = (2l, 2l), l ∈ N

où les an,k sont définis comme dans (7).

Dans le quatrième chapitre, on applique les résultats théoriques ci-dessus
à la construction de statistiques de détection de ruptures épidémiques dans
un ensemble de données multi-indexées. On commence par la détection d’un
changement d’espérance dans l’échantillon à double indice {Xij, 1 ≤ i ≤
n, 1 ≤ j ≤ m}. Nous testons l’hypothèse nulle

(H0) : Les Xij ont tous même espérance µ0,
contre l’hypothèse

(HA) : Il existe des entiers 1 < a∗ ≤ b∗ < n, 1 < c∗ ≤ d∗ < m et une
constante µ1 6= µ0 tels que

EXij = µ0 + µ11
(
(i, j) ∈ [a∗, b∗]× [c∗, d∗] ∩ N2

)
.

Nous appelons cette alternative rectangle épidémique. La statistique que nous
proposons pour détecter ce type de rupture est la classique statistique du rap-
port de vraisemblance cf. Csörgő et Horvàth [7], pondérée par une puissance
du diamètre du rectangle épidémique :

DUI(n,m, α) = max
1≤a<b≤n
1≤c<d≤m

|∆(1)
b−a∆

(2)
d−cSbd − (sb − sa)(td − tc)Snm|
max{sb − sa, td − tc}α

,
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où si = i/n et tj = j/m pour 1 ≤ i ≤ n, 1 ≤ j ≤ m. Nous montrons que
cette statistique est une fonctionnelle du processus de sommation ξn, conti-
nue sur l’espace de Hölder Ho

α([0, 1]2). Ainsi, par image continue, le principe
d’invariance hölderien du chapitre 3 nous permet d’établir la convergence :

σ−1(nm)−1/2DUI(n,m, α) D−→ DUI(α),

où

DUI(α) = sup
0≤s<t≤1

|∆[s,t]W − (t1 − s1)(t2 − s2)W (1)|
|t− s|α

,

en supposant que

sup
t>0

t1/(1/2−α)P (|X11| > t) <∞,

pour un certain α ∈]0, 1/2[ et en notant

∆[s,t]x := x(t)− x(s1, t2)− x(t1, s2) + x(s),

pour toute fonction à deux variables x. La consistance du test est donnée par
le théorème suivant.

Théorème 6 Sous (HA), supposons que les Xij sont indépendantes et que
σ2

0 = supn var(Xn) est fini. Supposons en outre que

lim
m(n)→∞

(nm)1/2hnm
dαnm
|µ1 − µ0| → ∞, (8)

où en posant k∗ = b∗ − a∗ et l∗ = d∗ − c∗,

hnm = k∗l∗

nm

(
1− k∗l∗

nm

)
et dnm = max

{
k∗

n
,
l∗

m

}
.

Alors

(nm)−1/2DUI(n,m, α)→∞.

Ceci est une généralisation directe du résultat analogue de Račkauskas et
Suquet [33] dans le cas d = 1. Cependant dans notre situation, la division par
une puissance du diamètre du rectangle épidémique n’apporte pas un aussi
grand avantage que la division par une puissance de la longueur de l’intervalle
d’épidémie dans le cas d = 1. Pour le voir, supposons que k∗ = nγ, l∗ = mδ

et que µ1 − µ0 ne dépend pas de (n,m). Alors la condition (8) devient

nγ−1/2mδ−1/2

[nγ−1 ∨mδ−1]α →∞.
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Si nγ−1 > mδ−1, alors

nγ(1−α)+α−1/2mδ−1/2 →∞,

ce qui permet la détection d’épidémies très courtes pour k∗, mais les plus
courtes longueurs d’épidémie pour l∗ ne peuvent être atteintes. Remarquons
que pour δ > 1/2 la condition nγ−1 > mδ−1 est vérifiée si m > n2. Ainsi pour
détecter des épidémies très courtes selon un indice, on a besoin de beaucoup
plus de données épidémiques pour l’autre indice. Autrement dit, on n’arrive
pas par cette méthode à détecter un rectangle épidémique dont les deux
dimensions sont toutes deux très courtes. Il n’y a pas ce type de restriction
pour le cas d = 1 puisqu’alors hn = l∗/n(1 − l∗/n) et dn = l∗/n. Ainsi pour
d = 1 et une épidémie de longueur l∗ = nγ, la statistique de test diverge pour
γ > (1/2− α)/(1− α). Dans le cas d = 2, on arrive à un résultat similaire si
on teste contre l’alternative

(H ′A) : Il existe des entiers 1 < c∗ ≤ d∗ < m et une constante µ1 6= µ0
tels que

EXij = µ0 + µ11
(
(i, j) ∈ [1, n]× [c∗, d∗] ∩ N2

)
.

Pour tester contre cette alternative, nous proposons la statistique modifiée

DUI3(n,m, α) = max
1≤c<d≤m

|Sn,d − Sn,c − (td − tc)Sn,m|
(td − tc)α

.

Avec la même hypothèse de moment faible que pour DUI, on montre que
sous l’hypothèse nulle, la loi limite de DUI3(n,m, α) est celle de

DUI3(α) = sup
0<s<t<1

|W (1, t)−W (1, s)− (t− s)W (1, 1)|
|t− s|α

.

Les conditions pour la consistance sont alors données par le corollaire suivant.

Corollaire 7 La famille des Xij étant indépendante et telle que supn var(Xn) <
∞, sous l’hypothèse alternative H ′A nous avons

(nm)−1/2DUI3(n,m, α)→∞,

pourvu que

lim
m(n)→∞

(nm)1/2
(
l∗

m

)1−α (
1− l∗

m

)
|µ1 − µ0| → ∞.
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Nous tournons ensuite notre attention vers les modèles de régression
pour panels. On dispose d’un échantillon de données de panel {(yij,x′ij), i =
1, . . . , n; j = 1, . . . ,m} où x′ij = (xij1, . . . , xijK). On considère les modèles
de régression pooled (moindres carrés ordinaires) ou à effets fixés décrits par
Baltagi [2] :

yij = x′ijβ + uij, (9)
yij = x′ijβ + µi + uij. (10)

On propose des statistiques pour détecter un changement du coefficient de
régression β. L’approche utilisée est similaire à celle de Proberger et Krämer
[23]. On prouve d’abord un FCLT pour les résidus de la régression, puis on
utilise une statistique pour tester la rupture.

Les résidus de régression pour le modèle (9) sont définis comme

ûij = yij − x′ijβ̂. = uij − x′ij(β̂ − β),

où

β̂ =
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijyij.

est l’estimateur par moindres carrés du coefficient β. On suppose que les
perturbations uij vérifient un FCLT.

Supposition F On suppose en outre que le processus de sommation basé
sur ces variables, défini par

ξn,m(t, s) = nm
n∑
i=1

m∑
j=1

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣uij,
vérifie le FCLT suivant :

1
σ
√
nm

ξn,m
D−→ W, quand n ∧m→∞,

dans l’espace Ho
α([0, 1]2) pour un α ∈]0, 1/2[.

On fait sur les xij les hypothèses suivantes.

Supposition A 1 ≤ (i, j) ≤ (n,m). On suppose que

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xijx′ij = R,
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pour une matrice (K×K) non singulière R. On suppose de plus que le modèle
est reparamétrisé de sorte que

R =
[
1 0
0 R∗

]
,

ce qui à son tour, implique que

c ≡ lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xij = [1, 0, . . . , 0]′.

On prouve alors le théorème suivant.

Théorème 8 Sous les conditions F et A, pour le modèle de régression

yij = x′ijβ + uij,

definissons le processus de sommation

Ŵ (n,m)(t, s) = nm
n∑
i=1

m∑
j=1

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣ ûij.
Alors

1
σ
√
nm

Ŵ (n,m)(t, s) D−→ W (t, s)− tsW (1, 1), as n ∧m→∞,

dans l’espace Ho
α([0, 1]2), pour le α ∈]0, 1/2[ indiqué dans les conditions F.

Pour le modèle de régression à effets fixes (10), les résidus sont définis
comme

ûFE = ỹij − x̃ijβ̂FE,

où ỹij = yij − yi. avec x̃ij défini de manière analogue et β̂FE, l’estimateur
classique dans le cas des effets fixes du coefficient de régression β, est donné
par

β̂FE =
 n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
n∑
i=1

m∑
j=1

x̃ij ỹij.

Introduisons les hypothèses suivantes.
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Supposition B On suppose que

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

x̃ijx̃′ij = R̃

pour une matrice (K ×K) non singulière R, et que

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xij = c

pour un c ∈ RK.

On prouve alors le théorème suivant.

Théorème 9 pour le modèle de régression de panel

yij = x′ijβ + µi + uij,

le processus de sommation

Ŵ FE
nm (t, s) = nm

n∑
i=1

m∑
j=1

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣ ûFEij .
Alors

Ŵ FE
nm (t, s) D−→ W (t, s)− sW (t, 1), quand n ∧m→∞,

dans l’espace Ho
α([0, 1]2), pour le α ∈]0, 1/2[ de la condition F.

Pour les deux modèles, on étudie des alternatives locales de la forme

βij = β + 1√
nm

g
(
i

n
,
j

m

)

avec g : [0, 1]2 → RK continue. Sous les conditions F et A (resp. B), on
obtient un FCLT dans Ho

α([0, 1]2) pour les résidus associés aux alternatives
locales. Le processus limite pour le modèle (9) est alors

W (t, s)− tsW (1, 1) +
∫ t

0

∫ s

0
c′g(u, v) du dv − tsc′

∫ 1

0

∫ 1

0
g(u, v) du dv

et pour le modèle (10)

W (t, s)− sW (t, 1) +
∫ t

0

∫ s

0
c′g(u, v) du dv − s

∫ t

0

∫ 1

0
c′g(u, v) du dv.
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Pour tester une rupture dans le coefficient de régression, nous proposons
d’utiliser la statistique DUI(n,m, α), où les sommes sont celles des résidus
de régression. Nous testons l’hypothèse nulle

(H0) : Le coefficient β ne change pas,
contre l’alternative

(HA) : Il existe des entiers 1 < a∗ ≤ b∗ < n, 1 < c∗ ≤ d∗ < m et des
constantes β1 6= β0 tels que le vrai coefficient β admette la représentation

β = β0 + β11
(
(i, j) ∈ [a∗, b∗]× [c∗, d∗] ∩ N2

)
.

On donne la loi asymptotique de la statistique de test sous l’hypothèse nulle
pour les deux modèles de régression. Pour la régression ordinaire par moindres
carrés, celle ci demeure la même :

σ−1(nm)−1/2D̂UI(n,m, α) D−→ DUI(α), quand n ∧m→∞,

Pour la régression à effets fixes, elle se change en celle de

DUIFE(α) = sup
0≤s<t≤1

|∆[s,t]W − (t2 − s2)[W (t1, 1)−W (s1, 1)]|
|t− s|α

.

On donne aussi des conditions pour la consistance des deux tests et les lois
limites des statistiques sous les alternatives locales.

Le chapitre se termine par une discussion des résultats. On y note que
dans les applications, l’hypothèse i.i.d. est parfois trop restrictive, mais que
nos résultats sont prouvés d’une manière « portable » en ce sens que si l’on
dispose de nouveaux principes d’invariance pour une classe plus large de
variables aléatoires à double indice (par exemple vérifiant certaines conditions
de dépendance faible), les statistiques de test et leurs lois limites restent les
mêmes, aussi longtemps que le processus limite dans ces nouveaux principes
d’invariance est le drap de Wiener.



Disertacĳos santrauka

Invariantiškumo principas daugiamačio indekso
sumavimo procesams ir taikymai

Invariantiškumo principas tai tikimybių teorijos rezultatas teigiantis, kad
tam tikras atsitiktinių dydžių dalinių sumų procesas silpnai konverguoja
ir kad ribinis procesas nepriklauso nuo sumuojamų atsitiktinių dydžių pa-
sisikirstymo. Šis rezultatas yra centrinės ribinės teoremos (CRT) apibendrin-
imas, kartais dar taip pat vadinas funkcine centrine ribine teorema (FCRT).

Pirmus tokio tipo rezultatus gavo Prokhorov [24] ir Donsker [10]. Jie
nagrinėjo sumavimo procesą su nulinio vidurkio nepriklausomais ir vienodai
pasiskirsčiusiais n.v.p. atsitiktiniais dydžiais X1, . . . , Xn:

ξn(t) = S[nt] + (nt− [nt])X[nt]+1, t ∈ [0, 1], (11)

čia Sk = X1 + · · ·+Xk, k = 1, . . . , n ir S0 = 0. Šio proceso trajektorijos yra
laužtės, taigi procesas gali būti nagrinėjamas kaip atsitiktinis elementas su
reikšmėmis tolydžių funkcijų erdvėje C([0, 1]). Donsker ir Prokhorov įrodė,
kad toks procesas (padalintas iš

√
n ir σ =

√
EX2

1 ) silpnai konverguoja į atsi-
tiktinį Brauno judesįW (t) – Gauso procesą su nuliniu vidurkiu ir kovariacijos
funkcija EW (t)W (s) = t ∧ s. Būtina ir pakankama sąlyga konvergavimui
yra baigtinis antras momentas, t.y. σ < ∞. (Laikoma, kad atsitiktinių
elementų seka Yn iš separabilios metrinės erdvės B silpnai konverguoja į at-
sitiktinį elementą Y , jeigu kiekvienam tolydžiam aprėžtam funckionalui f ,
E f(Yn) → E f(Y )). Kadangi ξn(1) = Sn iš karto matome, kodėl šis rezul-
tatas yra CRT apibendrinimas.

Iš FCRT bei tolydaus atvaizdžio teoremos išplaukia, kad kiekvienam toly-
džiam funkcionalui g, g(σ−1n−1/2ξn) silpnai konverguoja į g(W ). Šis rezul-
tatas yra plačiai taikomas statistikoje. Klasikinis tokio pritaikymo pavyzdys
yra statistinių testų skirtų nustatyti imties vidurkio struktūrinį pasikeitimą

23
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konstravimas. Vieno iš tokių testų statistika yra

Q = max
1≤k≤n

|Sk −
k

n
Sn|.

Galima įsitikinti, kad Q = g(ξn), funkcionalui g(x) = sup0≤t≤1 |x(t)|. Šis
funkcionalas yra tolydus erdvėje C([0, 1]), taigi iš FCRT ir tolydaus at-
vaizdžio teoremos, prie nulinės hipotezės, kad imties {X1, . . . , Xn} elementų
vidurkis nesikeičia, iš karto išplaukia, kad

n−1/2Q
D−→ sup

0<t<1
|W (t)− tW (1)|.

Prie alternatyvios hipotezės, tarus, kad egzistuoja k∗, toks, kad EXi =
µ0 + (µ1 − µ0)1 (i > k∗), galima įrodyti, kad statistika n−1/2Q diverguoja.
Taigi testas yra suderintas. Nagrinėjant taip vadinamą epideminę alternatyvą
EXi = µ0 + (µ1 −m0)1 (k∗ < i ≤ l∗), paprastai naudojama statistika

R = max
1≤k≤n

|Sl − Sk − l−k
n
Sn|

[(l − k)/n]α .

Funkcionalas atitinkantis šią statistiką

g(x) = sup
0<|t−s|<1

|x(t)− x(s)|
|t− s|α

jau nėra tolydus erdvėje C([0, 1]). Jis yra tolydus Banacho erdvėje (Ho
α, ‖ ‖α),

0 < α < 1, kuriai priklauso funkcijos x : [0, 1]→ R tenkinančios

‖x‖α := |x(0)|+ wα(x, 1) <∞,

ir
wα(x, δ) := sup

0<|t−s|≤δ

|x(t)− x(s)|
|t− s|α

−−→
δ→0

0.

Taigi norint rasti ribinį statistikos R pasiskirstymą, reikia turėti FCRT erd-
vėje Ho

α. Reikėtų pastebėti, kad erdvės Ho
α topologija yra stipresnė nei erd-

vės C([0, 1]), taigi jos funkcionalų erdvė yra turtingesnė. Taip pat reikėtų
pastebėti, kad dėl Brauno judesio tolydumo modulio, atsiranda apribojimas
0 < α < 1/2. Statistika R yra naudinga tuo, kad leidžia aptikti trumpas
epidemijas, kai k∗ − l∗ yra nγ eilės, su 0 < γ < 1/2. Rodiklio γ pasirinkimas
priklauso nuo Xi integruojamumo. Be vardiklio statistika R leistų aptikti
epidemijas ne trumpesnes kaip n1/2. Vienas iš disertacinio darbo tikslų buvo
pabandyti perkelti šį pranašumą daugiamačio indekso sumavimo procesams.
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Daugiamačio indekso sumavimo procesai sutinkami studijuojant atsitik-
tinių dydžių su daugiamačiu indeksu dalines sumas. Be matematinio smal-
sumo tokių dydžių tyrimas turi ir praktinę vertę, nes kartais keletas indeksų
vienam stebėjimui priskiriami natūraliai. Pavyzdžiui jeigu mes matuojame
keleto individų kokią nors savybę tam tikrais laiko tarpais, yra natūralu
kiekvienam stebėjimui priskirti du indeksus, vieną pažymėti individui, kitą
pažymėti laikui. Tokio tipo duomenys yra vadinami paneliniais bei jų tyrimui
pastaruoju metu skiriama daug dėmesio.

Norėdami pademonstruoti mūsų gautų rezultatų kontekstą pateiksime
bendresnį nei darbe naudojamą daugiamačio indekso sumavimo proceso api-
brėžimą. Tegu |A| žymi Borelio aibės A ⊂ Rd Lebego matą. Sumav-
imo procesas {ξn(A); A ∈ A} aibių klasei A nepriklausomai vienodai pa-
siskirsčiusių realių atsitikinių dydžių su nuliniu vidurkiu atveju yra apibrėžia-
mas taip:

ξn(A) =
∑

1≤j≤n
|Rn,j|−1|Rn,j ∩ A|Xj , (12)

čia j = (j1, . . . , jd), n = (n1, . . . , nd), Rn,j yra stačiakampis

Rn,j :=
[
j1 − 1
n1

,
j1

n1

)
× · · · ×

[
jd − 1
nd

,
jd
nd

)

ir užrašas “1 ≤ j ≤ n” suprantamas pakoordinačiui: 1 ≤ j1 ≤ n1, . . . , 1 ≤
jd ≤ nd. Pastebėkime, kad aibių klasei A = {[0, t], t ∈ [0, 1]} taip apibrėžtas
procesas sutampa su procesu apibrėžtu (11).

Aibių klasėje A apibrėžus semimetriką δ, galima nagrinėti realių tolydžių
funkcijų erdvę C(A) su norma

‖f‖A := sup
A∈A
|f(A)|.

Įprastinės semimetrikos yra δ(A,B) =
√
|A∆B|, arba δ(A,B) =

√
m(A∆B),

čia A,B ∈ A, ir m yra tikimybinis matas apibrėžtas vienetinio d-mačio kubo
[0, 1]d Borelio poaibiams. Tokiu atveju, proceso ξn(A) trajektorijos priklauso
erdvei C(A). Jei A yra pilnai aprėžta semimetrikos δ atžvilgiu, tai C(A) yra
separabili Banacho erdvė. Kadangi tokiu atveju procesas {ξn(A), A ∈ A}
yra atsitiktinis elementas su reikšmėmis separabilioje metrinėje erdvėje, tai
šiam procesui galime tirti FCRT. Ribinis procesas tada yra Brauno jude-
sio apibendrinimas, vadinamas Vynerio arba Brauno paklode. Tai nulinio
vidurkio Gauso procesas W indeksuotas A su trajektorijomis erdvėje C(A),
bei

EW (A)W (B) = |A ∩B|, A,B ∈ A.
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Tokie procesai egzistuoja, jei aibių klasei A įvedami apribojimai, dažniausiai
išreiškiami entropijos sąlyga.

Pirmoji FCRT procesui {ξn(A);A ∈ A} erdvėje C(A) buvo įrodyta aibių
klasei A = Qd, kai

Qd :=
{

[0, t1]× · · · × [0, td]; t = (t1, . . . , td) ∈ [0, 1]d
}
. (13)

Ją įrodė Kuelbs [19], prie tam tikrų momentinių sąlygų bei Wichura [42]
baigtinės dispersijos atveju.

Platesnėms aibių klasėms A tenkinančioms tam tikrą entropijos sąlygą,
Pyke [25] įrodė FCRT erdvėje C(A). Jo rezultate sąlygos sumuojamiems
atsitiktiniams dydžiams priklausė nuo A savybių. Bass [3] ir tuo pačiu metu
Alexander and Pyke [1] pagerino Pyke rezultatą n.v.p. atsitiktiniams laukams
turintiems baigtinę dispersiją. Jie įrodė kad FCRT galioja erdvėje C(A), kai
sumuojami atsitiktiniai dydžiai yra n.v.p. ir turi baigtinę dispersiją ir kai
aibių klasė A tenkina tam tikrą entropijos sąlygą.

Vėlesni autoriai nagrinėjo galimybes susilpninti entropijos sąlygas aibių
klasei A, Ziegler [43], bei n.v.p. reikalavimą atsitiktiniam laukui {Xn, n ∈
Nd}, Dedecker [8], El Machkouri and Ouchti [12] ir kiti.

FCRT Hiolderio erdvėse buvo skirtas mažesnis dėmesys. 1962 metais
Lamperti [20] nagrinėjo FCRT erdvėje Ho

α, 0 < α < 1/2. Laikydamas, kad
E |X1|q <∞, kai q > 2, jis parodė, kad procesas n−1/2ξn silpnai konverguoja
į W Hiolderio erdvėje Ho

α bet kokiam α < 1/2− 1/q. Račkauskas ir Suquet
[31] (taip pat [28]) gavo būtinas ir pakankamas sąlygas Lamperti FCRT. Jie
parodė, kad n−1/2ξn konverguoja į W erdvėje Ho

α, 0 < α < 1/2, tada ir tik
tada, kai

lim
t→∞

tp(α)P (|X1| > t) = 0, (14)

čia
p(α) := 1

1
2 − α

. (15)

Apibendrinta Hiolderio erdvė Hρ(A) aibių klasei A ir svorio funkcijai
ρ yra apibrėžiama, kaip erdvės C(A) poaibis, kuriam priklauso funkcijos
tenkinančios sąlygą

sup
0<δ(A,B)<1

|x(A)− x(B)|
ρ(δ(A,B)) <∞.

Sąlygas W egzistavimui tokiose erdvėse pateikia Dudley [11] ir Erickson [13].
Kai ρ(h) = hα, Erickson [13] parodo, kad parametras α negali viršyti 1/2 bei
priklauso nuo aibių klasės A entropijos. Erickson [13] parodo, kad bendriau-
sia FCRT erdvėje Hρ(A) galioja, jei E |Xj|q < ∞ tam tikram q > 2 bei ρ,
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kuris priklauso nuo q bei A savybių. Vienmačiu atveju d = 1, aibių klasei
A sutampant su intervalų [0, t], 0 ≤ t ≤ 1 aibe, Erickson rezultatas sutampa
su Lamperti. Daugiamačiu atveju d > 1 Erickson parodo, kad atsitiktiniai
dydžiai privalo turėti ne mažesnį kaip q > dp(α) momentą, su p(α) apibrėžtu
(15).

Aibių klasė Qd yra izomorfiška vienetiniam kubui [0, 1]d dėl bijekcijos
[0, t] ↔ t. Taigi natūralu nagrinėti procesą ξn(A) kaip keleto kintamųjų
funkciją ξn(t). Žinant tai, kad Račkauskas ir Suquet yra išsamiai išstudijavę
keleto kintamųjų funkcijų Hiolderio erdves ir pateikę visus FCRT įrodyti
reikalingus rezultatus, bei tai, kad Lamperti invariantiškumo principą vien-
mačiu atveju galima įrodyti būtinas ir pakankamas sąlygas, kyla klausimas,
ar įmanoma gauti būtinas ir pakankamas sąlygas daugiamačio indekso atveju.
Į šitą klausimą disertacijoje pilnai atsakoma.

Pirmame disertacijos skyriuje yra surinkti visi reikalingi rezultatai FCRT
įrodinėti Hiolderio erdvėse. Kadangi sumavimo procesas {ξn,n ∈ Nd} yra
apibendrinta seka, o visi įprastiniai rezultatai yra sekoms, skyriuje jie yra
adaptuojami. Skyriuje Hiolderio erdvė Ho

α(H), kuriai priklauso daugiamačio
argumento funkcijos su reikšmėmis Hilberto erdvėje H apibrėžiama kaip vek-
torinė funkcijų x : [0, 1]d → H tenkinančių

‖x‖α := ‖x(0)‖+ ωα(x, 1) <∞,

ir
ωα(x, δ) := sup

0<|t−s|≤δ

‖x(t)− x(s)‖
|t− s|α

−−→
δ→0

0

erdvė. Su norma ‖.‖α, Ho
α(H) yra separabili Banacho erdvė, žr. [27] arba [33].

Toliau skyriuje yra pateikiami naudingi faktai apie šią erdvę iš Račkausko ir
Suquet [27]. Remiantis šiais faktais yra įrodomas tirštumo kriterijus apiben-
drintoms erdvės Ho

α(H) sekoms.

Teorema 1 Tegu {ζn,n ∈ Nd} ir ζ yra atsitiktiniai elementai su reikšmėmis
erdvėje Ho

α(H). Jei

i) Kiekvienam diadiniam t ∈ [0, 1]d, apibendrinta atsitiktinių elementų su
reikšmėmis H seka ζn(t) yra asimptotiškai tiršta H.

ii) Kiekvienam ε > 0

lim
J→∞

lim sup
m(n)→∞

P (sup
j≥J

2αj max
v∈Vj
‖λj,v(ζn)‖ > ε) = 0,

tai apibendrinta seka ζn yra asimptotiškai tiršta erdvėje Ho
α(H).
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Čia m(n) žymi vektoriaus n koordinačių minimumą, o išraiška λj,v(ζn) yra
paimta iš tam tikros erdvės Ho

α(H) Šauderio dekompozicijos bei apibrėžiama
kaip antros eilės ζn skirtumas tam tikruose diadiniuose taškuose.

Toliau skyriuje apibrėžiamas FCRT erdvėje Ho
α(H) ribinis procesas. Tai

Vynerio paklodė su reikšmėmis erdvėje H ir kovariacijos operatoriumi Γ. Šis
procesas apibrėžiamas kaip Gauso procesas su reikšmėmis erdvėje H ir argu-
mentų aibe [0, 1]d, tenkinantis sąlygą

E 〈W (t), x〉〈W (s), y〉 = (t1 ∧ s1) . . . (td ∧ sd)〈Γx, y〉

čia t, s ∈ [0, 1]d ir x, y ∈ H. Kadangi toks procesas yra retai sutinkamas
literatūroje yra pateikiamas jo egzistavimo įrodymas.

Skyriaus gale yra primenamos Rosenthal ir Doob nelygybės, kadangi
darbe jos plačiai naudojamos tirštumui įrodyti. Atsitiktiniams elementams
(Yi)i∈I su reikšmėmis Hilberto erdvėje, Rosenthal nelygybė yra pateikiama
pavidalu

E
∥∥∥∥∥∑
i∈I

Yi

∥∥∥∥∥
q

≤ C ′q

(
E
∥∥∥∥∥∑
i∈I

G(Yi)
∥∥∥∥∥
q

+
∑
i∈I

E ‖Yi‖q
)
,

čia I yra indeksų aibė, kuriai nekeliami jokie reikalavimai. Daugiamačio in-
dekso realioms dalinėms sumoms Doob nelygybės apibendrinimą yra pateikęs
Khoshnevisan[18]. Skyriuje parodoma, kad nelygybė galioja ir daugiamačio
indekso dalinėms sumoms su reikšmėmis Hilberto erdvėse:

E max
0≤j≤n

‖Sj‖p ≤
(

p

p− 1

)dp
E ‖Sn‖p,

visiems n ∈ Nd ir p > 1.
Antrame skyriuje yra detaliai išnagrinėtos sumavimo proceso (12) savy-

bės. Pasirodo, kad šis procesas gali būti išreikštas kitokia, patogesne forma.

Teiginys 2 Tegu t ∈ [0, 1]d. Pažymėkime s = {nt} ir stačiakampio Rn,[nt]+1
viršūnes V (u):

V (u) := [nt]
n

+ u

n
, u ∈ {0, 1}d. (16)

Tada yra įmanoma išreikšti t šitų viršūnių svorine suma, su svoriais prik-
lausančiais nuo t:

t =
∑

u∈{0,1}d
w(u)V (u), where

∑
u∈{0,1}d

w(u) = 1, (17)

čia
w(u) =

d∏
l=1

sull (1− sl)1−ul .
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Naudojantis šia išraiška apibrėžus atsitiktinį lauką ξ∗n:

ξ∗n(t) =
∑

u∈{0,1}d
w(u)S[nt]+u, t ∈ [0, 1]d,

jis sutampa su sumavimo procesu apibrėžtu (12), kai {Xi,1 ≤ i ≤ n} yra
aibė atsitiktinių dydžių su reikšmėmis Banacho erdvėje.

Šio teiginio pagalba mes galime įvertinti išraišką panaudotą tirštumo kriter-
ijuje 1:

sup
j≥J

2αj max
v∈Vj
‖λj,v(ξn)‖ ≤

3d
d∑

m=1

(
max

J≤j≤lognm
2αj max

0≤k<2j
ψ(m)
n (tk+1, tk) + nαmZ

(m)
n

)
čia

ψ(m)
n (t′, t) := max

1−m≤k−m≤n−m

∥∥∥∥ [nmt′]∑
km=[nmt]+1

∆(m)
km
Sk

∥∥∥∥,
Z(m)
n := max

1≤k≤n
‖∆(m)

k1 Sk‖.

Šiose išraiškose naudojami skirtuminiai operatoriai ∆ yra apibrėžiami taip:

∆(i)
k Sj := S(j1,...,ji−1,k,ji+1,...,jd) − S(j1,...,ji−1,k−1,ji+1,...,jd).

Gautas įvertis nereikalauja jokių prielaidų atsitiktinių dydžių pasiskirsty-
mams, taigi jis gali būti naudojamas įrodinėjant FCRT ne tik n.v.p. a. d.
atveju.

Trečiame skyriuje yra įrodomas invariantiškumo principas erdvėje Ho
α(H).

Teorema 3 Tegu 0 < α < 1/2 ir p = p(α) := 1/(1/2 − α). Tarkime, kad
kiekvienam d ≥ 2, {Xi; i ∈ Nd, i ≥ 1} yra apibendrinta n.v.p. atsitiktinių
dydžių su reikšmėmis separabilioje Hilberto erdvėje H seka, kurių vidurkis yra
nulis ir kuriems egzistuoja antras momentas. Tegu ξn yra sumavimo procesas
apibrėžtas

ξn(t) =
∑
i≤n

π(n)
∣∣∣∣∣
[
i− 1
n

,
i

n

)
∩ [0, t]

∣∣∣∣∣Xi,

o W yra Vynerio paklodė su reikšmėmis H ir tokiu pačiu kovariacijos opera-
toriumi kaip X1. Tada

π(n)−1/2ξn
Hoα(H)−−−−−−→

m(n)→∞
W
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tada ir tik tada, kai

π(n)P
(
‖X1‖ > n1/p

m π(n−m)1/2
)
−−−−−−→

m(n)→∞
0. (18)

kiekvienam m = 1, . . . , d. Čia π(n) žymi indekso n koordinačių sandaugą,
o π(n−m) sandaugą visų koordinačių išskyrus nm.

Nors sąlyga (18) iš pirmo žvilgsnio atrodo pakankamai sudėtinga, yra
įrodoma, kad ji yra ekvivalenti atsitiktinio dydžioX1 silpno p-momento egzis-
tavimui t.y.:

sup
t>0

tpP (‖X1‖ > t) <∞.

Iš čia iš karto išplaukia, kad darbe pavyko pagerinti Erickson rezultatą, nes
jo darbe FCRT reikalaujama, kad E |X1|q <∞, kai q > dp.

Taip pat sąlyga (18) yra naudinga tuo, kad ji parodo, kokios momentinės
sąlygos turi būti tenkinamos, jeigu nagrinėjamas silpnesnis konvergavimas,
nei m(n)→∞. Imkime atskirą atvejį, kai n = (n, . . . , n). Pastebėsime, kad
literatūroje tai dažnai paplitusi prielaida. Tada būtina ir pakankama sąlyga
FCRT tampa

lim
t→∞

t
2d

d−2αP (‖X1‖ > t) = 0.

Ji yra tenkinama visiems d > 1 ir 0 < α < 1/2, jeigu E ‖X1‖4 <∞. Ši sąlyga
parodo, kad perėjus prie daugiamačio indekso situacija pasikeičia, nes tam
kad FCRT galiotų įprastam Donsker-Prokhorov laužčių procesui yra būtina,
kad E |X1|q <∞ bet kokiam q < p(α).

Antrame ir trečiame skyriuose tiriant galimybę susilpninti n.v.p. sąlygą
buvo nagrinėjamas serijų schemos atvejis. Daugiamačio indekso sumavimo
procesams serijų schemos atvejis taip pat buvo tiriamas Goldie ir Greenwood
[14], [15]. Jie naudojo klasikinę sumavimo proceso konstrukciją (12), taigi
jų rezultatas atveju d = 1 nesutapo su Prokhorov [24] rezultatu adaptyviam
laužčių procesui Ξn su viršūnėmis (bn(k), Sn(k)), čia bn(k) = EX2

n,1 + · · · +
EX2

n,k, tariant, kad bn(kn) = 1, ir kad Xn,k – nepriklausomi, bet nevienodai
pasiskirstę atsitiktiniai dydžiai.

Pirmieji adaptyvią konstrukciją daugiamačio indekso sumavimo proce-
sams pasiūlė Bickel ir Wichura [5]. Tačiau jų darbe yra reikalavimas, kad
atsitktinių dydžių iš serijų schemos dispersijos tenkintų tam tikras sąly-
gas. Nulinio vidurkio nepriklausomiems realiems atsitiktiniams dydžiams
{Xn,ij, 1 ≤ i ≤ In, 1 ≤ j ≤ Jn} su dispersijomis EXn,ij = an,ibn,j, čia∑
an,i = 1 = ∑

bn,j, jų pasiūlyta konstrukcija buvo

ζn(t1, t2) =
∑

i≤An(t1)

∑
j≤Bn(t1)

Xn,ij,
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čia

An(t1) = max{k :
∑
i≤k

an,i < t1},

Bn(t2) = max{l :
∑
j≤l

bn,j < t2}.

Lengva pastebėti, kad ši konstrukcija yra Prokhorov kontrukcijos apiben-
drinimas dvimačio indekso atveju. Bickel ir Wichura įrodė, kad procesas ζn
konverguoja į Vynerio paklodę dvimačio argumento càdlàg funkcijų erdvėje
D([0, 1]2), jei an,i ir bn,j tenkina begalinio mažumo, o atsitiktiniai dydžiai
{Xn,ij} Lindebergo sąlygas.

Antrame skyriuje yra pasiūlomas naujas Prokhorov konstrukcijos apiben-
drinimas daugiamačio indekso sumavimo procesams. Disertaciniame darbe
įrodoma, kad nors Bickel ir Wichura yra atskiras pasiūlytos konstrukcijos
atvejis, ši konstrukcija vis tiek netinkama bet kokiai serijų schemai.

Prokhorov konstrukcijoje dalinės sumos yra išdėliojamos ne ant tolygiai
išsidėsčiusių taškų, bet ant taškų kurie yra dalinių sumų dispersijos. Dau-
giamačio indekso sumavimo proceso įprastinė konstrukcija dalines sumas
išdėlioja ant stačiakampės gardelės. Deja bendru atveju nėra įmanoma sukon-
struoti tokios stačiakampės gardelės, kurios taškai būtų dalinių sumų disper-
sijos. Darbe yra pasiūloma naudoti gardelę, kurios koordinatės ant kiekvienos
ašies yra dispersijų sumos pagal visas likusias ašis. Aiškumo dėlei serijų
schemai

(Xn,k, 1 ≤ k ≤ kn), n ∈ Nd,

pažymėkime

bn(k) :=
∑
j≤k

σ2
n,k.

čia σ2
n,k = EX2

n,k (mes tariame, kad serijų schema yra centruota ir kad visų
dispersijų suma yra vienetas, t.y. bn(kn) = 1). Kiekvienam i = 1, . . . , d tegu

bi(k) := bn(k1
n, . . . , k

i−1
n , k, ki+1

n , . . . , kdn).

Apibrėžkime gardelės stačiakampį

Qn,k :=
[
b1(k1 − 1), b1(k1)

)
× · · · ×

[
bd(kd − 1), bd(kd)

)
.

Darbe pasiūlytas adaptyvus daugiamačio indekso sumavimo procesas tada
yra apibrėžiamas taip:

Ξn(t) =
∑

1≤j≤n
|Qn,j|−1|Qn,j ∩ [0, t]|Xn,j .
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Kaip ir sumavimo proceso ξn(t) atveju buvo gauta alternatyvi procesos Ξn(t)
išraiška kurios pagalba buvo gautas įvertis

sup
j≥J

2αj max
v∈Vj
‖λj,v(Ξn)‖ ≤

3d
d∑

m=1

(
max
j≥J

2jα max
r∈Dj

[ψ(m)
n (r, r−) + ψ(m)

n (r, r+)] + Z(m)
n ,

)

čia

ψn(r, r−)(m) := max
k−m≤kn,−m

∣∣∣∣∣
um(r)∑

km=um(r−)+2
∆(m)
km
Sn(k)

∣∣∣∣∣
ψn(r, r+)(m) := max

k−m≤kn,−m

∣∣∣∣∣
um(r+)∑

km=um(r)+2
∆(m)
km
Sn(k)

∣∣∣∣∣
Z(m)
n := max

1≤k≤kn

|∆(m)
km
Sn(k)|

(∆bm(km))α .

Kai d = 1 pasiūlytas sumavimo procesas sutampa su Prokhorov konstrukcija.
Šiuo atveju sąlygas FCRT Hiolderio erdvėse gavo Račkauskas ir Suquet[30].
Jie reikalavo tam tikros momentinės sąlygos bei kad serijų schema tenkintų
begalinio mažumo sąlygą. Jų gauta momentinė sąlyga yra griežtesnė nei Lin-
debergo sąlyga, taigi iš jos iš karto išplaukia baigtiniamačių pasiskirstymų
konvergavimas. To nėra procesui Ξn(t). Jo tirštumą charakterizuoja sekančios
teoremos:

Teorema 4 Tegu 0 < α < 1/2 ir p(α) := 1/(1/2− α). Jei

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, kai m(n)→∞.

ir tam tikram q > p(α)

lim
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k|q = 0,

tai apibendrinta seka {Ξn,n ∈ N} yra asimptotiškai tiršta erdvėje Ho
α([0, 1]d).

Kiekvienam τ > 0 apibrėžkime nupjautus atsitiktinius dydžius:

Xn,k,τ := Xn,k1{|Xn,k| ≤ τσ2α
n,k}
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Teorema 5 Tegu

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞. (19)

ir yra tenkinamos sąlygos:

i. Kiekvienam ε > 0,

lim
m(n)→∞

∑
1≤k≤kn

P (|Xn,k| ≥ εσ2α
n,k) = 0.

ii. Kiekvienam ε > 0,

lim
m(n)→∞

∑
1≤k≤kn

EX2
n,k1{|Xn,k| ≥ ε} = 0.

iii. Kuriam nors q > 1/(1/2− α),

lim
τ→0

lim
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k,τ |q = 0.

Tada apibendrinta seka {Ξn,n ∈ N} yra asimptotiškai tiršta erdvėje Ho
α([0, 1]d).

Šios dvi teoremos yra tiesioginis Račkausko ir Suquet įrodytų sąlygų FCRT
erdvėje Ho

α([0, 1]d) apibendrinimas.
Nors sąlygos tirštumui užtikrina, kad serijų schemai galioja CRT, reikia

papildomų sąlygų, kad baigtiniamačiai proceso Ξn(t) skirstiniai konverguotų.
Trečiame skyriuje yra įrodoma, kad baigtiniamačių skirstinių ribos yra nor-
maliosios, jei jos egzistuoja, bet tai nebūtinai Vynerio paklodės baigtinia-
mačiai skirstiniai. Yra įrodoma, kad jei egzistuoja riba

µn(t) :=
∑

1≤k≤kn

1{B(k) ∈ [0, t]}σ2
n,k → µ(t), kai m(n)→∞,

kokiai nors funkcijai µ(t), tai ribinis procesas yra Gauso procesas G(t) su
kovariacijos funkcija EG(t)G(s) = µ(s ∧ t). Toliau pateikiami pavyzdžiai
kaip nuo serijų schemos dispersijų gali priklausyti ribinis pasiskirstymas.

Pavyzdys 1 Tegu n = (n, n), kn = (2n, 2n) ir Xn,k = an,kYk, čia {Yk,k ≤
kn} n.v.p. atsitiktiniai dydžiai su standartiniu normaliuoju pasiskirstymu, o

a2
n,k =


1

10n2 , kai k ≤ (n, n)
3

10n2 , kitais atvejais.
(20)
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Taip apibrėžta serijų schema tenkina (19), bet paprastų algebrinių veiksmų
dėka galima įsitikinti, kad tokiai serijų schemai

µn(t)→ ν(t) := 1
10

(
5
2t1 ∧ 1

)(
5
2t2 ∧ 1

)

+(5t1 − 2) ∨ 0
10

(
5
2t2 ∨ 1

)

+(5t2 − 2) ∨ 0
10

(
5
2t1 ∨ 1

)

+

(
(5t1 − 2) ∨ 0

)(
(5t2 − 2) ∨ 0

)
30 .

Taigi baigtiniamačiai pasiskirstymai nekonverguoja į Vynerio paklodės baig-
tiniamačius pasiskirstymus. Kitame pavyzdyje pateikiamas serijų schemos
pavyzdys, kai µn(t) diverguoja kievienam t.

Pavyzdys 2 Tegu n = (n, n), kn = (n, n) ir Xn,k = bn,kYk, čia {Yk,k ≤
kn} n.v.p. atsitiktiniai dydžiai su standartiniu normaliuoju pasiskirstymu, o

b2
n,k =

π(kn)−1, for n = (2l − 1, 2l − 1), l ∈ N
a2
n,k, for n = (2l, 2l), l ∈ N

čia an,k apibrėžti kaip (20).

Ketvirtame skyriuje pateikiami teorinių rezultatų taikymai, konstruojant
statistikas epideminių pasikeitimų aptikimui duomenyse su daugiamačiu in-
deksu. Iš pradžių yra nagrinėjamas vidurkio pasikeitimo dvimačio indekso
imtyje {Xij, 1 ≤ i ≤ n, 1 ≤ j ≤ m}. Laikoma, kad nulinė hipotezė yra

(H0) : Visų Xij vidurkis yra vienodas ir lygus µ0,
o alternatyvioji hipotezė

(HA) : Egzistuoja tokie natūriniai skaičiai 1 < a∗ ≤ b∗ < n, 1 < c∗ ≤
d∗ < m ir konstanta µ1 6= µ0 tokia, kad

EXij = µ0 + µ11
(
(i, j) ∈ [a∗, b∗]× [c∗, d∗] ∩ N2

)
.

Disertacijoje tokia alternatyva pavadinama epideminiu stačiakampiu. Tokiam
pasikeitimui aptikti pasiūloma statistika, kuri yra klasikinė didžiausio tikėt-
inumo santykio statistika pasiūlyta Csörgő and Horvàth [7] su tam tikru
svoriu - epideminio stačiakampio diametru:

DUI(n,m, α) = max
1≤a<b≤n
1≤c<d≤m

|∆(1)
b−a∆

(2)
d−cSbd − (sb − sa)(td − tc)Snm|
max{sb − sa, td − tc}α

,
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čia si = i/n ir tj = j/m kiekvienam 1 ≤ i ≤ n, 1 ≤ j ≤ m. Yra parodoma,
kad ši statistika yra sumavimo proceso ξn funkcionalas, kuris yra tolydus
Hiolderio erdvėje Ho

α([0, 1]d). Taigi pasinaudojus tolydaus atvaizdžio teo-
rema bei invariantiškumo principu iš trečio skyriaus yra įrodomas pasiūlytos
statistikos silpnas konvergavimas prie nulinės hipotezės:

σ−1(nm)−1/2DUI(n,m, α) D−→ DUI(α),

čia

DUI(α) = sup
0≤s<t≤1

|∆[s,t]W − (t1 − s1)(t2 − s2)W (1)|
|t− s|α

kai

sup
t>0

t1/(1/2−α)P (|X11| > t) <∞,

ir 0 < α < 1/2, laikant kad

∆[s,t]x = x(t)− x(s1, t2)− x(t1, s2) + x(s).

bet kuriai dviejų kintamųjų funkcijai x. Taip pat yra įrodomas ir sukon-
struoto testo suderinamumas:

Teorema 6 Prie alternatyvos (HA) tarkime, kad Xij yra nepriklausomi ir
kad σ2

0 = supn var(Xn) <∞. Jei

lim
m(n)→∞

(nm)1/2hnm
dαnm
|µ1 − µ0| → ∞, (21)

čia

hnm = k∗l∗

nm

(
1− k∗l∗

nm

)
and dnm = max

{
k∗

n
,
l∗

m

}
,

tai

(nm)−1/2DUI(n,m, α)→∞

Gautas rezultatas yra tiesioginis Račkausko ir Suquet [33] rezultato apiben-
drinimas. Jie nagrinėjo įprastinės (vienmačio indekso) imties atvejį bei testą
skirtą aptikti vidurkio pasikeitimą prie taip vadinamos epideminės alter-
natyvos. Disertacijoje gautą rezultatą pritaikius vienmačio indekso imčiai,
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gautumėme tą pačią testo statistiką, jos ribinį pasiskirstymą bei sąlygas sud-
erinamumui. Bet gautame dvimačiame apibendrinime dalinimas iš epidemi-
nio stačiakampio diametro nebėra toks pat naudingas kaip dalinimas iš epi-
deminio intervalo ilgio vienmačiu atveju. Tarkime, kad k∗ = nγ, l∗ = mδ ir
kad µ1 − µ0 nepriklauso nuo (n,m). Tada sąlyga (21) atrodo taip:

nγ−1/2mδ−1/2

[nγ−1 ∨mδ−1]α →∞.

Jei nγ−1 > mδ−1 tai

nγ(1−α)+α−1/2mδ−1/2 →∞.

Matome, kad γ galima priklausomai nuo α parinkti kiek norimai mažą ir
suderinamumo sąlyga bus tenkinama, bet δ negalime imti mažesnio nei 1/2.
Taigi gali būti aptiktos labai trumpos k∗ epidemijos, bet geresnė l∗ epidemi-
jos ilgio eilė negali būti pasiekta. Sąlyga nγ−1 > mδ−1, kai δ > 1/2 yra
patenkinama jei m > n2, vadinasi norint aptikti labai trumpas epidemijas
vienam indeksui, reikia daugiau duomenų kitam indeksui. Tokio apribojimo
nėra vienmačiu atveju, nes tada hn = l∗/n(1 − l∗/n) and dn = l∗/n. Taigi
epidemijai l∗ = nγ statistika diverguoja, kai γ > (1/2− α)/(1− α).

Gautas apribojimą dvimačiu atveju galima panaikinti nagrinėjant pakei-
tus alternatyvą:

(H ′A) : Egzistuoja natūriniai skaičiai , 1 < c∗ ≤ d∗ < m ir konstanta
µ1 6= µ0 tokia, kad

EXij = µ0 + µ11
(
(i, j) ∈ [1, n]× [c∗, d∗] ∩ N2

)
.

Testuoti tokiai alternatyvai disertacijoje pasiūloma modifikuota statistika

DUI3(n,m, α) = max
1≤c<d≤m

|Sn,d − Sn,c − (td − tc)Sn,m|
(td − tc)α

.

Prie panašių prielaidų yra parodoma, kad šios statistikos ribinis pasiskirsty-
mas yra

DUI3(α) = sup
0<s<t<1

|W (1, t)−W (1, s)− (t− s)W (1, 1)|
|t− s|α

,

o suderinamumo sąlygos yra:

Išvada 7 Nepriklausomų atsitiktinių dydžių šeimai Xij su σ2
0 = supn var(Xn) <

∞ prie alternatyvos H ′A

(nm)−1/2DUI3(n,m, α)→∞,
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jei

lim
m(n)→∞

(nm)1/2
(
l∗

m

)1−α (
1− l∗

m

)
|µ1 − µ0| → ∞.

Toliau disertacijoje sprendžiami pasikeitimo uždaviniai panelinių duomenų
regresijos modeliams. Nagrinėjami klasikiniai panelinių duomenų regresijos
modeliai aprašyti Baltagi [2]:

yij = x′ijβ + uij, (22)
yij = x′ijβ + µi + uij, . (23)

Panelinių duomenų literatūroje modelis (22) paprastai vadinamas įprastinės
regresijos modeliu, o modelis (23) - fiksuotų efektų regresijos modeliu.

Disertacijoje pasiūlomos statistikos skirtos nustatyti regresijos koeficiento
β pasikeitimui. Statistikos išvedamos naudojantis idėja pasiūlyta Proberger
and Krämer [23]. Iš pradžių įrodoma FCRT regresijos liekanoms, tada nau-
dojamos statistikos vidurkio pasikeitimui, nes regresijos koeficiento pasikeiti-
mas, keičia regresijos liekanų vidurkį.

Modelio (22) liekanos yra apibrėžiamos taip:

ûij = yij − x′ijβ̂. = uij − x′ij(β̂ − β),

čia

β̂ =
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijyij

yra koeficiento β mažiausių kvadratų įvertis. Jeigu regresijos paklaidoms uij
galioja FCRT ir xij tenkina prielaidą:

Prielaida A Tegu xij1 = 1 visiems 1 ≤ (i, j) ≤ (n,m) ir

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xijx′ij = R,

tam tikrai neišsigimusiai (K×K) matricai R. Taip pat tarkime, kad modelis
yra pertvarkytas taip, kad

R =
[
1 0
0 R∗

]
.

Tai savo ruožtu lemia, kad

c ≡ lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xij = [1, 0, . . . , 0]′.
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tai teisinga tokia teorema

Teorema 8 Panelinių duomenų regresijos modeliui

yij = x′ijβ + uij,

apibrėžkime sumavimo procesą

Ŵ (n,m)(t, s) = nm
n∑
i=1

m∑
j=1

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣ ûij.
Tada

1
σ
√
nm

Ŵ (n,m)(t, s) D−→ W (t, s)− tsW (1, 1), as n ∧m→∞,

erdvėje Ho
α([0, 1]2), čia 0 < α < 1/2.

Fiksuotų efektų regresijos modeliui (23) regresijos liekanos yra apibrėži-
amos taip:

ûFE = ỹij − x̃ijβ̂FE,

čia ỹij = yij − yi. ir x̃ij apibrėžiamas analogiškai, o β̂FE – klasikinis fiksuotų
efektų koeficiento β įvertis:

β̂FE =
 n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
n∑
i=1

m∑
j=1

x̃ij ỹij.

Jeigu regresijos paklaidos uij tenkina FCRT bei daroma prielaida

Prielaida B Tegu

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

x̃ijx̃′ij = R̃

tam tikrai neišsigimusiai (K ×K) matricai R, ir

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xij = c

tam tikram c ∈ RK.

tai įrodoma teorema
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Teorema 9 Panelinių duomenų regresijos modeliui

yij = x′ijβ + µi + uij,

apibrėžkime sumavimo procesą

Ŵ FE
nm (t, s) = nm

n∑
i=1

m∑
j=1

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣ ûFEij .
Tada

Ŵ FE
nm (t, s) D−→ W (t, s)− sW (t, 1), as n ∧m→∞,

erdvėje Ho
α([0, 1]2), čia 0 < α < 1/2.

Abiems panelinių duomenų regresijos modeliams darbe išnagrinėtos lokalios
alternatyvos

βij = β + 1√
nm

g
(
i

n
,
j

m

)
čia g - vektorinė funkcija tolydi [0, 1]2. Prie tų pačių prielaidų lokalių alter-
natyvų modeliams yra įrodoma FCRT erdvėje Ho

α([0, 1]d). Ribinis procesas
modeliui (22) tada yra

W (t, s)− tsW (1, 1) +
∫ t

0

∫ s

0
c′g(u, v) du dv

− tsc′
∫ 1

0

∫ 1

0
g(u, v) du dv,

o modeliui (23)

W (t, s)− sW (t, 1) +
∫ t

0

∫ s

0
c′g(u, v) du dv

− s
∫ t

0

∫ 1

0
c′g(u, v) du dv.

Regresijos koeficiento pasikeitimo testavimui darbe siūloma naudoti statis-
tikąDUI(n,m, α), atsitiktinės dvimačio indekso imties elementų sumas pakeičiant
regresijos liekanų sumomis. Laikoma, kad testuojama nulinė hipotezė

(H0) : Koeficientas β nesikeičia,
prie alternatyvos

(HA) : Egzistuoja tokie natūriniai skaičiai 1 < a∗ ≤ b∗ < n, 1 < c∗ ≤ d∗ <
m ir konstantos β1 6= β0 tokios, kad tikrasis koeficientas β yra išreiškiamas
kaip

β = β0 + β11
(
(i, j) ∈ [a∗, b∗]× [c∗, d∗] ∩ N2

)
.
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Prie nulinės hipotezės disertacijoje gaunamos ribinis statistikos pasiskirsty-
mas abiems panelinių duomenų regresijos modeliams. Įprastinei regresijai
ribinis pasiskirstymas išlieka toks pat kaip ir atsitiktinės imties atveju:

σ−1(nm)−1/2D̂UI(n,m, α) D−→ DUI(α), as n ∧m→∞,

Fiksuotų efektų regresijai jis pasikeičia:

DUIFE(α) = sup
0≤s<t≤1

|∆[s,t]W − (t2 − s2)[W (t1, 1)−W (s1, 1)]|
|t− s|α

.

Darbe nurodomos sąlygos abiejų testų suderinamumui bei statistikų ribiniai
pasiskirstymai prie lokalių alternatyvų.

Skyriaus pabaigoje yra pateikiamas gautų praktinių rezultatų aptarimas.
Yra pastebima, kad praktikoje n.v.p. prielaida regresijos paklaidoms kar-
tais yra pernelyg griežta, bet gautus rezultatus nesunku adaptuoti prielaidas
pakeitus. Tam tereikia turėti invariantiškumo principą prie naujų prielaidų,
statistikos ir jų ribiniai pasiskirstymai išliks tokie patys, jeigu tik ribinis
procesas invariantiškumo principe yra Vynerio paklodė.



Contents

Résumé substantiel 5

Disertacĳos santrauka 23

Notations 43

Introduction 45

1 Weak convergence in Hölder spaces 52
1.1 General results . . . . . . . . . . . . . . . . . . . . . . . . . . 52

1.1.1 Basic definitions . . . . . . . . . . . . . . . . . . . . . . 52
1.1.2 Nets and asymptotic tightness . . . . . . . . . . . . . . 53
1.1.3 Schauder decomposition . . . . . . . . . . . . . . . . . 54

1.2 Hölder space and its properties . . . . . . . . . . . . . . . . . 55
1.2.1 Definition . . . . . . . . . . . . . . . . . . . . . . . . . 55
1.2.2 Pyramidal functions . . . . . . . . . . . . . . . . . . . 55
1.2.3 Tightness criteria . . . . . . . . . . . . . . . . . . . . . 58

1.3 Results in probability . . . . . . . . . . . . . . . . . . . . . . . 59
1.3.1 Gaussian processes . . . . . . . . . . . . . . . . . . . . 59
1.3.2 A variant of continuous mapping theorem . . . . . . . 62
1.3.3 Rosenthal inequality . . . . . . . . . . . . . . . . . . . 63
1.3.4 Doob inequality . . . . . . . . . . . . . . . . . . . . . . 64

2 Summation processes 67
2.1 Uniform variance case . . . . . . . . . . . . . . . . . . . . . . 67

2.1.1 Differences of partial sums . . . . . . . . . . . . . . . . 67
2.1.2 Definitions and representations . . . . . . . . . . . . . 68
2.1.3 Estimate of sequential Hölder norm . . . . . . . . . . . 74

2.2 Unequal variance . . . . . . . . . . . . . . . . . . . . . . . . . 80
2.2.1 Definitions and representations . . . . . . . . . . . . . 80
2.2.2 Estimate of sequential norm . . . . . . . . . . . . . . . 84

41



CONTENTS 42

3 Functional central limit theorems 90
3.1 Invariance principle . . . . . . . . . . . . . . . . . . . . . . . . 90

3.1.1 Finite dimensional distributions . . . . . . . . . . . . . 90
3.1.2 Necessity . . . . . . . . . . . . . . . . . . . . . . . . . 94
3.1.3 Tightness . . . . . . . . . . . . . . . . . . . . . . . . . 96
3.1.4 Corollaries . . . . . . . . . . . . . . . . . . . . . . . . . 101
3.1.5 Truncated variables . . . . . . . . . . . . . . . . . . . . 104

3.2 Triangular array . . . . . . . . . . . . . . . . . . . . . . . . . . 107
3.2.1 Finite dimensional distributions . . . . . . . . . . . . . 107
3.2.2 Tightness . . . . . . . . . . . . . . . . . . . . . . . . . 113
3.2.3 Corollaries . . . . . . . . . . . . . . . . . . . . . . . . . 121

4 Applications 126
4.1 Tests for epidemic alternatives . . . . . . . . . . . . . . . . . . 128

4.1.1 Epidemic rectangles . . . . . . . . . . . . . . . . . . . . 128
4.1.2 Some special cases . . . . . . . . . . . . . . . . . . . . 134

4.2 Functional central limit theorems for panel data regressions . . 137
4.2.1 Models and the assumptions . . . . . . . . . . . . . . . 137
4.2.2 Local alternatives . . . . . . . . . . . . . . . . . . . . . 142

4.3 Change point statistics for panel regressions . . . . . . . . . . 146
4.3.1 Tests and their behaviour under null hypothesis . . . . 146
4.3.2 Consistency of the epidemic alternatives . . . . . . . . 148
4.3.3 Practical considerations and discussion . . . . . . . . . 151

Bibliography 155



Notations

t denotes a real vector (t1, . . . , td).

Rd denotes the set of real vectors t.

N denotes the set of natural numbers, N = {1, 2, . . .}.

Z denotes the set of integers, Z = {. . . ,−2,−1, 0, 1, 2, . . .}.

H denotes Hilbert space.

0 denotes element (0, . . . , 0) from the space Rd.

1 denotes element (1, . . . , 1) from the space Rd.

tk:l denotes the “subvector” (tk, tk+1, . . . , tl).

t−k denotes the “subvector” (t1, . . . , tk−1, tk+1, . . . , td).

tK denotes the subvector (tk1 , . . . , tkl) with K = {k1, . . . , kl} and 1 ≤ k1 <

k2 < · · · < kl ≤ d.

s ≤ t means sk ≤ tk for all k = 1, . . . , d.

|t| denotes max(|t1|, . . . , |td|) for t ∈ Rd.

|A| denotes Lebesgue measure for the set A ⊂ Rd.

cardA denotes the cardinality of the set A ⊂ Rd.

st denotes (s1t1, . . . , sdtd), s/t denotes (s1/t1, . . . , sd/td).

π(n) denotes n1 · · ·nd for n ∈ Nd.

m(t) denotes min(t1, . . . , td).

[x] denotes integer part of real number x.
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{x} denotes the fractional part of real number x, ({x} = x− [x]).

[t] denotes ([t1], . . . , [td]), respectively {t} denotes ({t1}, . . . , {td}).

x ∧ y denotes min(x, y) for real numbers x and y.

x ∨ y denotes max(x, y) for real numbers x and y.

t∧s denotes (t1∧s1, . . . , td∧sd), respectively t∨s denotes (t1∨s1, . . . , td∨sd).

‖ · ‖ denotes the norm of Hilbert space H.

〈·, ·〉 denotes the scalar product of Hilbert space H.

C([0, 1]d) denotes the set of continuous functions x : [0, 1]d → R.

Ho
α([0, 1]d) denotes the set of continuous functions x : [0, 1]d → R satisfying

limδ→0 sup|t−s|<δ |x(t)− x(s)|/|t− s|α = 0.

Ho
α(H) denotes the set of continuous functions x : [0, 1]d → H satisfying

limδ→0 sup|t−s|<δ ‖x(t)− x(s)‖/|t− s|α = 0.

Xα = Yα + oP (1) iff ‖Xα − Yα‖ → 0 in probability.
D−→ denotes weak convergence in the space specified afterwards. If no space

is specified it is assumed that weak convergence takes place in R.

For the net {Xα} of Banach space valued random variables

1 (·) denotes the indicator function.

∆(m)
s denotes the difference operator acting on m-th coordinate, ∆(1)

s x(t) =

x(t)− x((t1 − s, t2, . . . , td)).

ξn denotes polygonal summation process.

ξn denotes continuous multi-parameter summation process.



Introduction

Convergence of stochastic processes to some Brownian motion or related pro-
cess is an important topic in probability theory and mathematical statistics.
The first functional central limit theorem by Donsker and Prokhorov states
the C[0, 1]-weak convergence of n−1/2ξn to the standard Brownian motion
W . Here ξn denotes the random polygonal line process indexed by [0, 1]:

ξn(t) = S[nt] + (nt− [nt])X[nt]+1, t ∈ [0, 1],

where S0, Sk := X1 + · · · + Xk, k ≥ 1, are the partial sums of a sequence
(Xi)i≥1 of i.i.d. random variables such that EX1 = 0 and EX2

1 = 1. (We say
that sequence of random elements Yn with values in separable metric space
B converges weakly to random element Y , if E f(Yn) → E f(Y ), for every
continuous bounded functional f).

This theorem implies via continuous maping the convergence in distribu-
tion of f(n−1/2ξn) to f(W ) for any continuous functional f : C[0, 1] → R.
Clearly this provides many statistical applications. On the other hand, con-
sidering that the paths of ξn are piecewise linear and that W has roughly
speaking, an α-Hölder regularity for any exponent α < 1/2, it is tempting to
look for a stronger topological framework for the weak convergence of n−1/2ξn
to W . In addition to the satisfaction of mathematical curiosity, the practical
interest of such an investigation is to obtain a richer set of continuous func-
tionals of the paths. For instance, Hölder norms of ξn are closely related to
some test statistics to detect short “epidemic” changes in the distribution of
the Xi’s, see [32, 34].

In 1962, Lamperti [20] obtained the first functional central limit theorem
in the separable Banach spaces Ho

α, 0 < α < 1/2, of functions x : [0, 1]→ R
such that

‖x‖α := |x(0)|+ wα(x, 1) <∞,

with
wα(x, δ) := sup

0<|t−s|≤δ

|x(t)− x(s)|
|t− s|α

−−→
δ→0

0.
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More precise definitions are given in the section 1.2.
Assuming that E |X1|q < ∞ for some q > 2, he proved the weak con-

vergence of n−1/2ξn to W in the Hölder space Ho
α for any α < 1/2 − 1/q.

Račkauskas and Suquet in [31] (see also [28]) obtained a necessary and suffi-
cient condition for the Lamperti’s functional central limit theorem. Namely
for 0 < α < 1/2, n−1/2ξn converges weakly in Ho

α to W if and only if

lim
t→∞

tp(α)P (|X1| > t) = 0, (24)

where
p(α) := 1

1
2 − α

. (25)

Further extensions of Donsker-Prokhorov’s functional central limit the-
orem concern summation processes. Let |A| denote the Lebesgue measure
of the Borel subset A of Rd. For a collection A of Borel subsets of [0, 1]d,
summation process {ξn(A); A ∈ A} based on a random field {Xj , j ∈ Nd},
of independent identically distributed real random variables with zero mean
is defined by

ξn(A) =
∑

1≤j≤n
|Rn,j|−1|Rn,j ∩ A|Xj ,

where j = (j1, . . . , jd), n = (n1, . . . , nd), Rn,j is the “rectangle”

Rn,j :=
[
j1 − 1
n1

,
j1

n1

)
× · · · ×

[
jd − 1
nd

,
jd
nd

)

and the indexation condition “1 ≤ j ≤ n” is understood componentwise :
1 ≤ j1 ≤ n1, . . . , 1 ≤ jd ≤ nd. Of special interest are the partial sum
processes based on the collection of sets A = Qd where

Qd :=
{

[0, t1]× · · · × [0, td]; t = (t1, . . . , td) ∈ [0, 1]d
}
, (26)

Note that when d = 1 the partial sum process ξn based on Qd is the random
polygonal line of Donsker-Prokhorov’s theorem.

By equipping the collection A with some pseudo-metric δ, one define the
space C(A) of real continuous functions on A, endowed with the norm

‖f‖A := sup
A∈A
|f(A)|.

The usual semimetrics are δ(A,B) =
√
|A∆B|, or δ(A,B) =

√
m(A∆B),

for A,B ∈ A, where m is a probability measure on the σ-algebra of Borel
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subsets of [0, 1]d. When A is totally bounded with respect to δ, C(A) is a
separable Banach space.

A Brownian sheet process indexed by A is a mean zero Gaussian process
W with sample paths in C(A) and

EW (A)W (B) = |A ∩B|, A,B ∈ A. (27)

Existence of such process is proved by placing restrictions on collection A
which are usually expressed by some condition on its metric entropy. Dud-
ley [11] and Erickson [13] give conditions for W to exist in a general Hölder
space Hρ(A). It is defined as the subspace of the space C(A) of the functions
satisfying

sup
0<δ(A,B)<1

|x(A)− x(B)|
ρ(δ(A,B)) <∞,

with the weight function ρ. For ρ(h) = hα, Erickson [13] proves that for
process W , the Hölder exponent α cannot exceed 1/2 and it decreases as
the entropy of A increases. The functional central limit theorem (FCLT) in
C(A) or in Hρ(A) means the weak convergence of the summation process
{ξn(A);A ∈ A}, suitably normalized, to a Brownian sheet process indexed
by A.

The first FCLT for {ξn(A);A ∈ Qd} in C(Qd) was established by Kuelbs [19]
under some moment restrictions and by Wichura [42] under finite variance
condition. In 1983, Pyke [25] derived a FCLT for summation process in
C(A), provided that the collection A satisfies the bracketing entropy condi-
tion. However, his result required moment conditions which depend on the
size of the collection A. Bass [3] and simultaneously Alexander and Pyke [1]
extended Pyke’s result to i.i.d. random fields with finite variance. Further
developments were concerned with relaxing entropy conditions on the collec-
tion A, Ziegler [43], and with relaxing i.i.d. condition on the random field
{Xn, n ∈ Nd}, Dedecker [8], El Machkouri and Ouchti [12] to name a few.

The FCLT for summation process in Hρ(A) is not so extensively stud-
ied. Most general results are provided by Erickson [13] who shows that if
E |Xj|q < ∞ for some q > 2 then the FCLT holds in Hρ(A) for some ρ
which depends on q and properties of A. For d = 1 and the class A of inter-
vals [0, t], 0 ≤ t ≤ 1, Erickson’s results coincide with Lamperti’s ones [20],
whereas his case d > 1 requires moments of order q > dp(α) with the same
p(α) as in (25). In Račkauskas and Zemlys [36], the result by Erickson was
improved in the case d = 2. In thesis this result was extended for d > 2 and
Hilbert space valued random variables. Before stating it in full we need some
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definitions.
With H as the real separable Hilbert space, define the Hölder space

Ho
α([0, 1]d) of Hilbert-valued multi-parameter functions as the vector space

of functions x : [0, 1]d → H such that

‖x‖α := ‖x(0)‖+ wα(x, 1) <∞,

with
wα(x, δ) := sup

0<|t−s|≤δ

‖x(t)− x(s)‖
|t− s|α

−−→
δ→0

0.

Note that for H = R, the space Ho
α([0, 1]d) is a subset of Hρ(Qd) with ρ(h) =

hα and Qd defined by (3).
Define H-valued Brownian sheet W with the covariance operator Γ, as a

H-valued zero mean Gaussian process indexed by [0, 1]d and satisfying

E 〈W (t), x〉〈W (s), y〉 = (t1 ∧ s1) · · · (td ∧ sd)〈Γx, y〉 (28)

for t, s ∈ [0, 1]d and x, y ∈ H. For H = R, the space of covariance operators
is isomorphic to R+ and (28) collapses to

EW (t)W (s) = σ2(t1 ∧ s1) · · · (td ∧ sd).

which is the same as (27) for A,B ∈ Qd and σ2 = 1.
The following theorem holds.

Theorem 1 For 0 < α < 1/2, set p = p(α) := 1/(1/2 − α). For d ≥ 2,
let {Xj; j ∈ Nd, j ≥ 1} be an i.i.d. collection of square integrable centered
random elements in the separable Hilbert space H and ξn be the summation
process defined by

ξn(t) =
∑

1≤j≤n
|Rn,j|−1|Rn,j ∩ [0, t]|Xj .

Let W be a H-valued Brownian sheet with the same covariance operator as
X1. Then the convergence

(n1 · · ·nd)−1/2ξn
Hoα([0,1]d)−−−−−−→
m(n)→∞

W

holds if and only if

sup
t>0

tp(α)P (‖X1‖ > t) <∞. (29)
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As we see, condition (29) does not depend on the dimension d provided d > 1
and is weaker than necessary and sufficient condition (24) in the extension
by Račkauskas and Suquet of Lamperti’s functional central limit theorem.
Moreover, we show that summation process considered along the diagonal,
namely the sequence n−d/2ξn = n−d/2ξn,...,n, n ∈ N, converges in Ho

α([0, 1]d) if
and only if

lim
t→∞

t2d/(d−2α)P (‖X1‖ > t) = 0. (30)

As dimension d increases, this condition weakens. For example, (30) is satis-
fied for any d > 1 provided E ‖X1‖4 <∞. This again shows up a difference
between the cases d = 1 and d > 1 for functional central limit theorems in
Hölder spaces.

The result in theorem 1 was obtained together with Račkauskas and Su-
quet [35]. Its proof and the prerequisites take up a sizeable part of the thesis.
Necessary results from Hölder spaces and probability theory are given in the
chapter 1. The properties of the summation process ξn are given in the
section 2.1 and the result is proved in the section 3.1.

After i.i.d. case we considered the case of triangular array, when ran-
dom variables are independent but not identically distributed. For general
summation processes, the case of non-identically distributed variables was
investigated by Goldie and Greenwood [14], [15]. They used classical con-
struction of summation process, so their result does not coincide with classical
Prokhorov [24] result for adaptive polygonal line process Ξn indexed by [0, 1]
with vertices (bn(k), Sn(k)), where bn(k) = EX2

n,1 + · · · + EX2
n,k, with as-

sumption that bn(kn) = 1, and Xn,k – independent non-identicaly distributed
random variables.

The attempt to introduce adaptive construction for general summation
processes was made by Bickel and Wichura [5]. However they put some re-
strictions on variance of random variables in triangular array. For zero mean
independent random variables {Xn,ij, 1 ≤ i ≤ In, 1 ≤ j ≤ Jn} with variances
EX2

n,ij = an,ibn,j satisfying ∑ an,i = 1 = ∑
bn,j, they defined summation

process as

ζn(t1, t2) =
∑

i≤An(t1)

∑
j≤Bn(t1)

Xn,ij,

where

An(t1) = max{k :
∑
i≤k

an,i < t1}, Bn(t2) = max{l :
∑
j≤l

bn,j < t2}.

It is easy to see that this construction is two-dimensional time generalization
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of jump version of Prokhorov construction. Bickel and Wichura proved that
the process ζn converges in the space D([0, 1]2) to a Brownian sheet, if an,i
and bn,j are infinitesimally small and the random variables {Xn,ij} satisfy
Lindeberg condition.

In this contribution we introduced new adaptive construction of sum-
mation process which reduces to classical construction for triangular arrays
in one dimensional case. Sufficient conditions for the weak convergence in
Hölder spaces are given. For the case d = 1 they coincide with conditions
given by Račkauskas and Suquet. The limiting process in general case is
not a standard Brownian sheet. It is a mean zero Gaussian process with
covariance depending on the limit of E Ξn(t)2. Examples of possible limiting
processes are given. In case of special variance structure of triangular array
as in Bickel and Wichura it is shown that the limiting process is a standard
Brownian sheet.

Finally we provide the application of the theoretical results by construct-
ing statistics for detecting the epidemic change in a given data with multi-
dimensional indexes. Such data naturally arise if for example we measure
some property of sample of individuals through time. It is natural then to
assign two indexes to observation, the number of the individual and the time
period when it was observed. This is so called longitudinal or panel data.
First we consider the detection of the change of the mean in the double in-
dexed sample {Xij, 1 ≤ i ≤ n, 1 ≤ j ≤ m}. We test the null hypothesis
of no change in mean against the alternative hypothesis of the change in
a epidemic rectangle, i.e. the mean is different for indexes in the rectangle
D∗ = [a∗, b∗]× [c∗, d∗]∩N2. Our proposed statistic for detecting such change
is the classical likelihood ratio statistic of Csörgő and Horváth [7], weighted
with the power of diameter of the epidemic rectangle. We show that this
statistic is the functional of summation process ξn, with the functional con-
tinuous in the Hölder space. Thus using continuous mapping theorem and
our theoretical result we find the asymptotic distribution of our statistic.
We give the conditions for the consistency of the test and show that division
by diameter, improves the ability to detect shorter epidemics, but that the
result is not optimal compared to the one-dimensional case considered by
Račkauskas and Suquet [33].

Next we turn our attention to panel regression models. We consider clas-
sical pooled or ordinary least squares and fixed effects regressions described
by Baltagi [2]. We prove functional central limit theorem (FCLT) for the re-
gression residuals under condition that regression disturbances satisfy FCLT
and classical conditions on the regressors. This result generalizes the result
of Ploberger and Krämer [23] for the time-series regression. Using the FCLT
for regression residuals we adapt our statistic for detecting the change of the
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mean, to detect the change of the regression coefficient in both regression
models. We find asymptotic distributions and give conditions for consis-
tency of the statistics. We also investigate the behaviour of these statistics
under local alternatives and derive results similar to those of Ploberger and
Krämer.



Chapter 1

Weak convergence in Hölder
spaces

1.1 General results

1.1.1 Basic definitions
Let us introduce some notation. Vectors t = (t1, . . . , td) of Rd, d ≥ 2, are
typeset in italic bold. In particular,

0 := (0, . . . , 0), 1 := (1, . . . , 1).

For 1 ≤ k < l ≤ d, tk:l denotes the “subvector”

tk:l := (tk, tk+1, . . . , tl),

t−k denotes the “subvector”

t−k = (t1, . . . , tk−1, tk+1, . . . , td).

and tK denotes the “subvector”

tK = (tk1 , . . . , tkm),

with K = {k1, . . . , km} ⊂ {1, . . . , d} and 1 ≤ k1 < k2 < · · · < km ≤ d. The
set Rd is equipped with the partial order

s ≤ t if and only if sk ≤ tk, for all k = 1, . . . , d. (1.1)
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As a vector space, Rd is endowed with the norm

|t| = max(|t1|, . . . , |td|), t = (t1, . . . , td) ∈ Rd.

Together with the usual addition of vectors and multiplication by a scalar,
we use also the componentwise multiplication and division of vectors s =
(s1, . . . , sd), t = (t1, . . . , td) in Rd defined whenever it makes sense, by

st := (s1t1, . . . , sdtd), s/t := (s1/t1, . . . , sd/td).

Partial order as well as all these operations are also intended componentwise
when one of the two involved vectors is replaced by a scalar. So for c ∈ R
and t ∈ Rd, c ≤ t means c ≤ tk for k = 1, . . . , d, t+ c := (t1 + c, . . . , td + c),
c/t := (c/t1, . . . , c/td).

For n = (n1, . . . , nd) ∈ Nd, we write

π(n) := n1 · · ·nd,

and for t = (t1, . . . , td) ∈ Rd,

m(t) := min(t1, . . . , td).

For any real number x, denote by [x] and {x} its integer part and fractional
part defined respectively by

[x] ≤ x < [x] + 1, [x] ∈ Z and {x} := x− [x].

When applied to vectors t of Rd, these operations are defined componentwise:

[t] := ([t1], . . . , [td]), {t} := ({t1}, . . . , {td}).

The context should dispel any notational confusion between the fractional
part of x (or t) and the set having x (or t) as unique element.

We denote by H a separable real Hilbert space with norm ‖·‖ and inner
product 〈 · , · 〉.

1.1.2 Nets and asymptotic tightness
Let A be a set with a partial order and let A be a directed set. For a general
topological space X, a map from A to X is called a net and denoted by
{xα, α ∈ A} ⊂ X. We say that this net has a limit x if and only if for every
neighborhood U of x there exists α0 ∈ A such that xα ∈ U for each α0 ≤ α.
When the space X is Hausdorff, any net in X has at most one limit. All the
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spaces we are dealing with are Banach, therefore Hausdorff, soit is always
implicit that if the limit of the net exists, it is unique.

We are mainly interested in the nets {xn,n ∈ Nd}, where Nd is a directed
set with partial order s ≤ t defined in (1.1). Note that if we have n0 ≤ n,
then m(n) ≥ m(n0) and if m(n) ≥ N , then (N, . . . , N) ≤ n. Thus if the net
{xn,n ∈ Nd} has the limit x it makes sense to write

lim
m(n)→∞

xn = x.

We will use this notation throughout the thesis.
Let B be some separable Banach space and (Yα)α∈A be a net of random

elements in B. We write
Yα

B−→ Y,

for weak convergence in the space B to the random element Y , i.e. E f(Yα)→
E f(Y ) for any continuous and bounded f : B → R.

For proving weak convergence of the nets we use some variant of Prokhorov’s
theorem (see e.g. van der Vaart and Wellner [41] p.21 theorem 1.3.9) which
asserts that the net {Yα} has a weakly convergent subnet if it is asymptot-
icaly tight, i. e. for each ε > 0 there exists a compact set Kε ∈ B such
that

lim inf
α

P (Yα ∈ Kε) > 1− ε. (1.2)

Thus weak convergence of the net Yα can be proved by classical approach, by
checking the property of asymptotical tightness and proving the convergence
of the finite-dimensional distributions.

1.1.3 Schauder decomposition
To check the property of asymptotical tightness we need some way of char-
acterizing compact subsets of the paths space. Suquet [39] gives us a criteria
exploiting the notion of Schauder decomposition.

Definition 1 An infinite sequence (Bj, j ∈ N) of closed linear subspaces of a
Banach space B such that Bj 6= 0 (j ∈ N) is called a Schauder decomposition
of B if for every x ∈ B there exists an unique sequence (yn, n ∈ N) with
yj ∈ Bj (j ∈ N) such that:

x =
∞∑
j=0

yj
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and if the coordinate projections defined by vn(x) = yn, are continuous on B.

Let us denote Zj = ⊕
i≤j Bi and Ej = ∑

i≤j vi the continuous projections of
B onto Zj. Operation ⊕ here means the direct sum of vector subspaces, i.e.
if U = V

⊕
W then for each u ∈ U there exists an unique decomposition

u = v + w, with v ∈ V and w ∈ W .
Relatively compact subsets (whose closure are compacts) of separable

Banach spaces with Schauder decomposition are then characterized by the
following theorem.

Theorem 2 (Suquet, [39]) Let B be a separable Banach space having a
Schauder decomposition (Bj, j ∈ N). A subset K is relatively compact in B
if and only if:

i) for each j ∈ N, EjK is relatively compact in Zj := ⊕
i≤j Bi;

ii) supx∈K ‖x− Ejx‖ → 0 as j →∞.

1.2 Hölder space and its properties
The functional framework for our study of convergence of random fields is
a certain class of Hölder spaces whose definition and some useful properties
are gathered in this section.

1.2.1 Definition
For 0 < α < 1, define the Hölder space Ho

α([0, 1]d) as the vector space of
functions x : [0, 1]d → H such that

‖x‖α := ‖x(0)‖+ wα(x, 1) <∞,

with
wα(x, δ) := sup

0<|t−s|≤δ

‖x(t)− x(s)‖
|t− s|α

−−→
δ→0

0.

Endowed with the norm ‖.‖α, Ho
α([0, 1]d) is a separable Banach space. In

the special case H = R, we write Ho
α([0, 1]d) instead of Ho

α([0, 1]d). For other
Hilbert spaces H we write Ho

α([0, 1]d, H).

1.2.2 Pyramidal functions
From works of Račkauskas and Suquet [27, 33] we know that the space
Ho
α([0, 1]d) has a Schauder decomposition. The linear subspaces featuring
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in the decomposition contain linear combinations of certain pyramidal func-
tions. We give now the precise definitions.

For convenience we write T = [0, 1]d in this section. If A is a convex
subset of T , the function f : T → H is said to be affine on A if it preserves
the barycenter, i.e. for any finite sequence u1, . . . ,um in A and non negative
scalars r1, . . . , rm such that ∑m

i=1 ri = 1, f(∑m
i=1 riui) = ∑m

i=1 rif(ui).
Let us define the standard triangulation of the unit cube T = [0, 1]d.

Write Πd for the set of permutations of the indexes 1, . . . , d. For any π =
(i1, . . . , id) ∈ Πd, let ∆π(T ) be the convex hull of the d+ 1 points

0, ei1 , (ei1 + ei2), . . . ,
d∑

k=1
eik ,

where the ei’s are the vectors of the canonical basis of Rd. So, each simplex
∆π(T ) corresponds to one path from 0 to (1, . . . , 1) via vertices of T and such
that along each segment of the path, only one coordinate increases while the
others remain constants. Thus T is divided into d! simplexes with disjoint
interiors. The standard triangulation of T is the family T0 of simplexes
{∆π(T ), π ∈ Πd}.

Next, we divide T into 2jd dyadic cubes with edge 2−j. By dyadic trans-
lations and change of scale, each of them is equipped with a triangulation
similar to T0. And Tj is the set of the 2jdd! simplexes so constructed. For
j ≥ 1 the set Wj := vert(Tj) of vertices of the simplexes in Tj is

Wj = {k2−j; 0 ≤ k ≤ 2j}d.

In what follows we put V0 := W0 and Vj := Wj \Wj−1. So Vj is the set of
new vertices born with the triangulation Tj. More explicitly, Vj is the set of
dyadic points v = (k12−j, . . . , kd2−j) in Wj with at least one ki odd.

The Tj-pyramidal function Λj,v with peak vertex v ∈ Vj is the real valued
function defined on T by three conditions

i. Λj,v(v) = 1;

ii. Λj,v(w) = 0 if w ∈ vert(Tj) and w 6= v;

iii. Λj,v is affine on each simplex ∆ in Tj.

It follows clearly due to affinity from above definition that the support of
Λj,v is the union of all simplexes in Tj containing the peak vertex v. By
[37](Prop. 3.4.5) the functions Λj,v are obtained by dyadic translations and
changes of scale:

Λj,v(t) = Λ(2j(t− v)), t ∈ T,
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from the same function Λ:

Λ(t) := max
(
0, 1−max

ti<0
|ti| −max

ti>0
ti
)
, t = (t1, . . . , td) ∈ [−1, 1]d.

Since Λj,v are affine on each simplex ∆ in Tj, it is clear that Λj,v ∈
Ho
α([0, 1]d) for 0 < α < 1.Thus linear combinations ∑v∈Vj hvΛj,v with hv ∈

H are elements from Ho
α([0, 1]d). For each j such sums are continuous on

T , affine on each simplex ∆ of Ti and vanishing at the vertices of Wj−1.
Račkauskas and Suquet[33] prove that subspaces containning such functions
form Shauder decomposition of Ho

α([0, 1]d).

Theorem 3 (Račkauskas and Suquet [33]) The space Ho
α([0, 1]d) has the

Schauder decomposition

Ho
α([0, 1]d) =

∞⊕
i=0
Vi,

where V0 is the space of H-valued functions continuous on T and affine on
each simplex ∆ of T0 and for i ≥ 1, Vi is the space of H-valued functions
continuous on T , affine on each simplex ∆ of Ti and vanishing at the vertices
of Wi−1.

Each element x ∈ Ho
α([0, 1]d) then has unique representation

x =
∞∑
i=0

∑
v∈Vi

λi,v(x)Λi,v,

with the H-valued coefficients λj,v(x) defined as

λ0,v(x) = x(v), v ∈ V0;

λj,v(x) = x(v)− 1
2
(
x(v−) + x(v+)

)
, v ∈ Vj, j ≥ 1,

where v− and v+ are defined as follows. Each v ∈ Vj admits a unique
representation v = (v1, . . . , vd) with vi = ki/2j, (1 ≤ i ≤ d). The points
v− = (v−1 , . . . , v−d ) and v+ = (v+

1 , . . . , v
+
d ) are defined by

v−i =

vi − 2−j, if ki is odd;
vi, if ki is even

v+
i =

vi + 2−j, if ki is odd;
vi, if ki is even.

Having specified Schauder decomposition of the space Ho
α([0, 1]d) we adapt

theorem 2 specifically for space Ho
α([0, 1]d). DefineWj = ⊕j

i=0 Vj. Note that
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Wj corresponds to Zj in theorem 2. Define the projection operators Ej
(j ≥ 0) onto subspaces Wj by

Ejx :=
j∑
i=0

∑
v∈Vi

λi,v(x)Λi,v, x ∈ Ho
α([0, 1]d). (1.3)

Note that Ej is actually the operator of affine interpolation at the vertices of
Wj, i.e. value of Ejx depends only on values of x(w) for w ∈ Wj. Since Wj

is a finite set,Wj is clearly isomorphic to the Cartesian product of card(Wj)
copies of H, where card(wj) is the number of elements in Wj. We exploit
this fact later in proving tightness.

Having defined operators Ej, we give now some alternative representation
of ‖x− Ejx‖α. For any function x ∈ Hα(H), define its sequential seminorm
by

‖x‖seq
α := sup

j≥0
2αj max

v∈Vj
‖λj,v(x)‖.

Račkauskas and Suquet [33] show that this seminorm is actually a norm and
that it is equivalent to the norm ‖x‖α on Ho

α([0, 1]d). Furthermore

‖x− EJx‖α = ‖x− EJx‖seq
α := sup

j>J
2αj max

v∈Vj
‖λj,v(x)‖, (1.4)

is non increasing in J . Now we can state the adaptation of theorem 2 for the
space Ho

α([0, 1]d).

Theorem 4 A subset K is relatively compact in Ho
α([0, 1]d) if and only if:

i. for each j ∈ N, EjK is relatively compact in Wj;

ii. supx∈K supj>J 2αj maxv∈Vj‖λj,v(x)‖ → 0, as J →∞.

1.2.3 Tightness criteria
Now we prove the tightness criteria. Note that this is an adaptation of the
theorem 2 in [33] for nets {ζn,n ∈ Nd}.

Theorem 5 Let {ζn,n ∈ Nd} and ζ be random elements with values in the
space Ho

α([0, 1]d). Assume that the following conditions are satisfied.

i) For each dyadic t ∈ [0, 1]d, the net of H-valued random elements ζn(t)
is asymptoticaly tight on H.
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ii) For each ε > 0

lim
J→∞

lim sup
m(n)→∞

P (sup
j≥J

2αj max
v∈Vj
‖λj,v(ζn)‖ > ε) = 0.

Then the net ζn is asymptoticaly tight in the space Ho
α([0, 1]d).

Proof.
For fixed positive η, put ηl = 2−l, l = 1, 2, .. and choose a sequence (εl)

decreasing to zero. By (ii) there is and integer Jl and index n0 ∈ Nd such
that for set

Al := {x : sup
j≥Jl

2αj max
v∈Vj
‖λj,v(x)‖ < εl}

P (ζn ∈ Al) > 1− ηl, for all n, n0 ≤ n.
Recall now from subsection 1.2.2 thatWj is isomorphic to the Cartesian

product of card(Wj) copies of H. Thus from (i) there exists for all n, n0 ≤ n
a compact Kl ⊂ Ho

α([0, 1]d), such that for set Bl

Bl := {x ∈ Ho
α([0, 1]d) : EJlx ∈ Kl}

P (ζn ∈ Bl) > 1 − ηl. Take K the closure of ∩∞l=1(Al ∩ Bl). Then P (K) >
1− 2η, and K is compact due to theorem 4.

Since in R closed bounded sets are compact and vice versa we have fol-
lowing corollary for space Ho

α([0, 1]d)
Corollary 6 Let {ζn,n ∈ Nd} and ζ be random elements with values in the
space Ho

α([0, 1]d). Assume that the following conditions are satisfied.
i) lima→∞ P (supt∈[0,1]d |ζn| > a) = 0

ii) For each ε > 0

lim
J→∞

lim sup
m(n)→∞

P (sup
j≥J

2αj max
v∈Vj
|λj,v(ζn)| > ε) = 0.

Then the net ζn is asymptoticaly tight in the space Ho
α([0, 1]d).

1.3 Results in probability

1.3.1 Gaussian processes
Limiting random fields considered in this work are mainly Gaussian ones.
Recall that a real valued random field {G(t), t ∈ [0, 1]d} is called Gaussian
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if its finite-dimensional distributions are multivariate normal. Mean zero
real valued Gaussian processes can be uniquely defined by their covariance
function EG(t)G(s). The reverse problem is also of interest: when is a
given function g : [0, 1]d × [0, 1]d → R the covariance function of a certain
Gaussian random field ? The answer is a classical result which can be found
in Khoshnevisan [18] for example. For convenience we state it here.

Theorem 7 If the function g : [0, 1]d× [0, 1]d → R is symmetric and positive
definite, i.e. for n-tuple of reals x1, . . . , xn and n-tuple of vectors t1, . . . , tn
from [0, 1]d, expression ∑n

i,j=1 xig(ti, tj)xj ≥ 0, then there exists a zero mean
Gaussian random field {G(t), t ∈ [0, 1]d} with covariance function EG(t)G(s) =
g(t, s).

For d = 1 and g(s, t) = s∧t, we get a Brownian motion. Its generalization
for d > 1 is called Brownian sheet, a zero mean Gaussian process with
covariance function g(s, t) = (s1 ∧ t1) . . . (sd ∧ td). As Brownian motion is
usual limiting process in invariance principles for one parameter summation
processes, Brownian sheet is limiting process for multiparameter summation
processes.

We now define Hilbert space valued Brownian sheet. Recall that zero
mean Gaussian random variables in Hilbert space are uniquely defined through
their covariance operator. Covariance operator of H-valued random variable
X is linear operator Γ : H→ H satisfying

〈Γx, y〉 = E 〈X, x〉〈X, y〉, x, y ∈ H.

Linear operator Γ is the covariance operator of some H-valued random vari-
able if it is

1. Symmetric: 〈Γx, y〉 = 〈Γy, x〉 for all x, y ∈ H.

2. Positive: 〈Γx, x〉 ≥ 0, for all x ∈ H.

3. Nuclear: operator Γ is compact and for every orthonormal base {en} ⊂
H ∑

n

〈Γen, en〉 <∞.

Note that if E ‖X‖2 <∞ we have∑
n

〈Γen, en〉 =
∑
n

E 〈X, en〉2 = E ‖X‖2 <∞ (1.5)
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It is well known that in the Hilbert space H, every random element X such
that E ‖X‖2 <∞ is pregaussian, i.e. there is a Gaussian random element G
in H with the same covariance operator as X, see [22, Prop. 9.24]. Let the
Xi’s be i.i.d. copies of X. If moreover EX = 0, then n−1/2∑n

i=1 Xi converges
weakly to G in H, in other words X satisfies the CLT in H [22, Th. 10.5].

Existence of real valued Gaussian processes is given by Kolmogorov theo-
rem. Since it applies also for Cartesian products of Polish spaces it is natural
to call H-valued random field {G(t), t ∈ [0, 1]d} Gaussian if for every m-tuple
t1, . . . , tm vector (G(t1), . . . , G(tm)) is Hm valued Gaussian random variable.

Define then H-valued Brownian sheet with covariance operator Γ as a
H-valued zero mean Gausian process indexed by [0, 1]d and satisfying

E 〈W (t), x〉〈W (s), y〉 = (t1 ∧ s1) . . . (td ∧ sd)〈Γx, y〉 (1.6)

for t, s ∈ [0, 1]d and x, y ∈ H. To check that this definition is valid note at
first that for each t ∈ [0, 1]d, W (t) is H-valued zero mean Gaussian random
variable with covariance operor π(t)Γ. Denote by 〈 · , · 〉m the scalar product
in Hm which is defined by

〈h, g〉m :=
m∑
i=1
〈hi, gi〉, h = (h1, . . . , hm), g = (g1, . . . , gm) ∈ Hm.

Denote by Γt1,...,tm the covariance operator of (W (t1), . . . ,W (tm)). For x =
(x1, . . . , xm) ∈ H and y = (y1, . . . , ym) ∈ H from (1.6) we get

〈Γt1,...,tmx, y〉m = E
m∑
i=1
〈W (ti), xi〉

m∑
j=1
〈W (tj), yj〉

=
∑
i

∑
j

g(ti, tj)〈Γxi, yj〉

with g(ti, tj) = ∏d
k=1 tik ∧ tjk. Since Γ is symmetric we get that Γt1,...,tm is

symmetric also. Denote by X, a H-valued random variable with covariance
operator Γ. Then for x = (x1, . . . , xm) ∈ H

〈Γt1,...,tmx, x〉m =
∑
i

∑
j

g(ti, tj)〈Γxi, xj〉

=
∑
i

∑
j

g(ti, tj)E 〈X, xi〉〈X, xj〉

= E

∑
i

∑
j

〈X, xi〉g(ti, tj)〈X, xj〉
 ≥ 0.
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Thus Γt1,...,tm is positive. Now since

E ‖W (t1), . . . ,W (td))‖2 =
m∑
i=1

E ‖W (ti)‖2 <∞

(1.5) implies that Γt1,...,tm is nuclear. Thus there exists Hm-valued Gaussian
random variable with covariance function Γt1,...,tm and our definition of H-
valued Brownian sheet is valid.

It is well known that trajectories of the real valued Brownian sheet are in
Ho
α([0, 1]d) for 0 < α < 1/2. As the following estimate

E ‖W (t+ h) +W (t− h)− 2W (t)‖2 ≤ c|h| tr Γ,

is valid for all t − h, t, t + h ∈ [0, 1]d, it follows from Račkauskas and
Suquet [27] that W (t) has a version in Ho

α([0, 1]d) for any 0 < α < 1/2.

1.3.2 A variant of continuous mapping theorem
Classical continuous mapping theorem states that if the sequence (or net) of
random elements Xα converges weakly to X, then for any continuous func-
tional g, real random variable g(Xα) converges weakly to g(X). This result
is widely applied in statistics to obtain limiting distributions. Sometimes
though it is too restrictive, since sometimes it is more convenient to use the
converging sequence (or net) of continuous functionals. Recall that the net
of continuous functionals gα : B → R where (B, ‖ · ‖) is a normed Banach
space is called equicontinuous if for every ε > 0 and any x, y ∈ B such that
‖x− y‖ < δ we have

sup
α
|gα(x)− gα(y)| < ε.

Then following theorem holds (it is stated as lemma in [32], we restate it for
the case of nets).

Lemma 8 Let {ηα} be a asymptotically tight net of random elements in
the separable Banach space B, and gα, g be a continuous functionals B → R.
Assume that gα converges pointwise to g on B, and that gα is equicontinuous.
Then

gα(ηα) = g(ηα) + oP (1).

Proof. By the asymptotic tightness assumption there is for every ε > 0 a
compact subset K in B and α0 such that for every α0 ≤ α, P (ηα /∈ K) < ε.
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Now by a Arzela-Ascoli theorem the net gα is totaly bounded on the compact
K with respect to norm of uniform convergence. Since gα converges pointwise
to g, this gives us uniform convergence of gα to g on K. Then for every δ > 0
there is some α1 depending on δ and K, such that

sup
x∈K
|gα(x)− g(x)| ≤ δ, α1 ≤ α.

Take now α2 such that α1 ≤ α2 and α0 ≤ α2. Then for α2 ≤ α we have

P (|gα(ηα)− g(ηα)| ≥ δ) ≤ P (ηα /∈ K) < ε,

which gives us the proof.
The following lemma from [32] provides some practical sufficient condi-

tions to check the equicontinuity of some families of functionals.

Lemma 9 Let (B, ‖ · ‖) be a vector normed space and q : B → R such that

(a). q is subadditive: q(x+ y) ≤ q(x) + q(y)), x, y ∈ B.

(b). q is symmetric: q(x) = q(−x), x ∈ B.

(c). For some constant C, q(x) ≤ C‖x‖, x ∈ B.

Then q satisfies the Lipschitz condition

|q(x+ y)− q(x)| ≤ C‖y‖, x, y ∈ B (1.7)

If F is any set of functionals q fulfilling (a), (b), (c) with the same con-
stant C, then (a), (b), (c) are inherited by g(x) := sup{q(x), q ∈ F} which
therefore satisfies (1.7).

1.3.3 Rosenthal inequality
Since the Hilbert space H has cotype 2, it satisfies the following vector valued
version of Rosenthal’s inequality for every q ≥ 2, see [21, Th. 2.6]. For any
finite set (Yi)i∈I of independent random elements in H with zero mean and
such that E ‖Yi‖q <∞ for every i ∈ I,

E
∥∥∥∥∥∑
i∈I

Yi

∥∥∥∥∥
q

≤ C ′q

(
E
∥∥∥∥∥∑
i∈I

G(Yi)
∥∥∥∥∥
q

+
∑
i∈I

E ‖Yi‖q
)
, (1.8)

where the constant C ′q depends only on q and the G(Yi) are centered Gaussian
independant random elements in H such that for every i ∈ I, G(Yi) has



CHAPTER 1. WEAK CONVERGENCE IN HÖLDER SPACES 64

the same covariance structure as Yi. For real random variables Rosenthal
inequality simply reads

E
∣∣∣∣∣∑
i∈I

Yi

∣∣∣∣∣
q

≤ c

((∑
i∈I

σ2
i

)q/2

+
∑
i∈I

E |Yi|q
)
, (1.9)

where σ2
i = EY 2

i .
In the i.i.d. case with N = card(I), we note that ∑i∈I G(Yi) is Gaus-

sian with the same distribution as N1/2G(Y1) and using the equivalence of
moments for Gaussian random elements, see [22, Cor. 3.2], we obtain

E
∥∥∥∥∥∑
i∈I

Yi

∥∥∥∥∥
q

≤ C ′′q

(
N q/2

(
E ‖G(Y1)‖2

)q/2
+NE ‖Y1‖q

)
,

where C ′′q depends on q and does not depend on the distribution of Y1. Since
H has also the type 2, there is a constant a depending only on H such that
E ‖G(Y1)‖2 ≤ aE ‖Y1‖2, see [22, Prop. 9.24]. Finally there is a constant Cq
depending on H, q, but not on the distribution of the Yi’s, such that

E
∥∥∥∥∥∑
i∈I

Yi

∥∥∥∥∥
q

≤ Cq

(
N q/2

(
E ‖Y1‖2

)q/2
+NE ‖Y1‖q

)
, (N = card(I)).

(1.10)

1.3.4 Doob inequality
We shall need a generalization of maximal Doob inequality for multiparam-
eter martingales. We use definitions and results from Khoshnevisan [18].

Definition 2 Let d ∈ N and consider d (one parameter) filtrations F1, . . . ,Fd,
where F i = {F ik, k ≥ 1} (1 ≤ i ≤ d). A stochastic processM = (Mn,n ∈ Nd)
is an orthosubmartingale if for each 1 ≤ i ≤ d (Mn, ni ≥ 1) is a one param-
eter submartingale with respect to the one parameter filtration F i with other
coordinates nj 6= ni fixed.

The classical example of orthosubmartingale is the multiparameter random
walk {Sn,n ∈ Nd} defined as

Sn =
∑

1≤j≤n
Xj ,
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where {Xj , j ∈ Nd} is the collection of mean-zero random variables. The
process {Sn,n ∈ Nd} is an orthosubmartingale with respect to filtrations

F ik = σ(Xj , ji ≤ k)

where σ(. . . ) denotes the σ-field generated by the random variables in paren-
thesis.

For nonnegative orthosubmartingales the following so called Cairoli’s strong
(p, p) inequality holds.

Theorem 10 (Th. 2.3.1 in Khoshnevisan [18]) Suppose thatM = (Mn,n ∈
Nd) is a nonnegative orthosubmartingale with respect to one-parameter filtra-
tions F1, . . . ,Fd. Then for all n ∈ Nd and p > 1

E
[

max
0≤k≤n

Mp
k

]
≤
(

p

p− 1

)dp
E [Mp

n] .

Following lemma is useful

Theorem 11 (Lemma 2.1.1 in Khoshnevisan [18]) Suppose that M =
(Mn,n ∈ Nd) is a nonnegative orthosubmartingale with respect to one-parameter
filtrations F1, . . . ,Fd, that Ψ : [0,∞)→ [0,∞) is convex nondecreasing, and
that for all n ∈ Nd, E Ψ(Mn) < ∞. Then (Ψ(Mn),n ∈ Nd) is an orthosub-
martingale.

For independent zero mean real random variables {Xj , j ∈ Nd} introduce
one parameter filtrations F i = F ik = σ(Xj , ji ≤ k). Then process Sn =∑
j≤nXj is orthosubmartingale with respect to filtrations F i and process
|Sn| is nonnegative orthosubmartingale with respect to the same filtrations.
Thus we have

E max
1≤j≤n

|Sj|p ≤
(

p

p− 1

)dp
E |Sn|p. (1.11)

For i.i.d. Hilbert space valued random field {Xj , j ∈ Nd} introduce d
one parameter filtrations, F i = (F ik, k = 0, 1, . . . ), i = 1, . . . , d, where
F ik = σ(Xj , j ∈ Nd, ji ≤ k). Since Cairoli’s inequality applies for real val-
ued orthosubmartingales we cannot use it directly for Sn = ∑

j≤nXj , since
Sn is H valued stochastic process. On the other hand stochastic process
(‖Sn‖,n ∈ Nd) is real valued so to apply theorem 10 we must show that
‖Sn‖ is orthosubmartingale with respect to filtrations F1, . . . ,Fd. Since
norm is a continuous functional, the map ni → ‖Sn‖ is F ini-measurable for
each i = 1, . . . , d.
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Assume that E ‖X1‖ < ∞. Then the Xj’s are Bochner integrable and
according to [40] we can introduce conditional expectations with respect to
F i, i = 1, . . . , d. Let EXj = 0. From properties of conditional expectation
we have for i = 1, . . . , d, n ∈ Nd and k = 0, 1, . . .

E (‖Sn‖|F ik) ≥ ‖E (Sn|F ik)‖ =
∥∥∥∥∥ ∑
j≤n

E (Xj|F ik)
∥∥∥∥∥ = ‖S(n1,...,ni−1,k,ni+1,...,nd)‖.

Hence for each i = 1, . . . , d, ni → Sn is a one parameter submartingale with
respect to the filtration F i. Applying then theorem 10 we have

E max
1≤j≤n

‖Sj‖p ≤
(

p

p− 1

)dp
E ‖Sn‖p, (1.12)

for all n ∈ Nd and p > 1.



Chapter 2

Summation processes

We call random process a summation process if its values are defined only
by the values of partial sums Sk = X1 + · · ·+Xk, where Xk, k = 1, . . . , n are
random variables. Usualy summation process is defined using interpolation
arguments. Classical example is polygonal line process indexed by [0, 1] with
vertices (k/n, Sk), k = 0, 1 . . . , n and S0 = 0. This process has continuous
and Hölderian trajectories. Sometimes it is convenient to drop the require-
ment of continuity and to analyze jump process defined as ∑[nt]

k=1 Xk. In this
section we define summation processes indexed by [0, 1]d and give some useful
representations. For reasons explained in section 2.2 we analyze separately
summation processes based on random variables with the same variance and
summation processes based on random variables with different variances.
Though the results in this chapter are presented in a context of probability
theory, they are derived without using any results from it. This chapter can
be viewed as investigation of properties of certain interpolation schema of
functions with domain [0, 1]d. To improve readability, more technical and
longer proofs are given at the end of each subsection.

2.1 Uniform variance case

2.1.1 Differences of partial sums
In this and following chapters we deal a lot with differences of partial sums
Sj = ∑

1≤i≤j Xi. Let us introduce the notation

∆(i)
k Sj = S(j1,...,ji−1,k,ji+1,...,jd) − S(j1,...,ji−1,k−1,ji+1,...,jd)

67
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Since Sk is really a function with domain Nd, we can say that ∆(i)
k is a

difference operator acting on i-th coordinate of the argument of function Sk.
Note that superposition of operators ∆(i)

k commute

∆(i)
ji ∆(l)

jl
Sj = ∆(l)

jl
∆(i)
ji Sj .

In particular for any j ∈ Nd we have

Xj = ∆(1)
j1 . . .∆

(d)
jd
Sj .

2.1.2 Definitions and representations
For d = 1 polygonal line and jump processes are given as

ξn(t) = S[nt] + (nt− [nt])X[nt]+1, (2.1)
ζn(t) = S[nt]. (2.2)

It is natural then to define [0, 1]d indexed jump summation process as

ζn(t) = S[nt]

It is not possible to do this for continuous version of [0, 1]d indexed summation
process, since the relation

Sk+1 − Sk = Xk+1

holds only for k = 0. The continuous version of summation process for d > 1
still can be defined using analogy. Note that for d = 1 we can write

ξn(t) =
∑

1≤i≤n
n
∣∣∣∣[i− 1

n
,
i

n

)
∩ [0, t]

∣∣∣∣Xi, (2.3)

where |A| denotes Lebesgue measure of the set A. Define then continuous
[0, 1]d indexed summation process as

ξn(t) =
∑
i≤n
π(n)

∣∣∣∣∣
[
i− 1
n

,
i

n

)
∩ [0, t]

∣∣∣∣∣Xi. (2.4)

where we write

[a, b) = [a1, b1)× · · · × [ad, bd) (2.5)
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for a, b ∈ [0, 1]d. As in one dimensional case we can see that ξn(k/n) = Sk,
i. e. the process is a continuous interpolation of the grid (k/n, Sk).

To prove tightness of summation process we must control the difference
of the process when the distance between points is small. For case d = 1 if s
and t are close together, they fall into interval [i/n, (i+ 1)/n] for some i. In
this interval we have

ξn(t) = Si + (nt− i)Xi+1

ξn(s) = Si + (ns− i)Xi+1

thus

ξn(t)− ξn(s) = n(t− s)Xi+1. (2.6)

Thus it is of interest to investigate properties of the summation process in
rectangles [(i − 1)/n, i/n]. For the case d = 1 the summation process has
the property that in interval [i/n, (i + 1)/n] it is the affine interpolation of
its values at interval endpoints:

ξn(t) = Si + (nt− i)Xi+1 = Si + (nt− i)(Si+1 − Si)
= (1− (nt− i))Si + (nt− i)Si+1 = (1− {nt})S[nt] + {nt}S[nt]+1

= (1− {nt})ξn(i/n) + {nt}ξ((i+ 1)/n),

with the weights coming from

nt = (1− {nt})[nt] + {nt}([nt] + 1) = [nt] + {nt}. (2.7)

The summation process ξn(t) retains this property. We show this directly for
the case d = 2 and then prove it for general case. Fix t ∈ [0, 1]2 and choose
i so that t ∈ [(i − 1)/n, i/n). Necessarily then [nt] = i − 1. In this case
the expression π(n)|[(j− 1)/n, j/n]∩ [0, t]| assumes only following possible
values:

π(n)
∣∣∣∣∣
[
j − 1
n

,
j

n

)
∩ [0, t]

∣∣∣∣∣ =


1, for j ≤ i− 1
0, for j, such that either j1 ≥ i1, or j2 ≥ i2

{n1t1}, for j, such that j1 = i1 and j2 < i2

{n2t2}, for j, such that j2 = i2 and j1 < i1

π({nt}), for j = i.
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Thus

ξn(t) = Si−1 + {n1t1}
i2−1∑
j=1

Xi1j + {n2t2}
i1−1∑
i=1

Xii2 + π({nt})Xi. (2.8)

We can rewrite this expression using difference operators as

ξn(t) = Si−1 + {n1t1}∆(1)
i1 Si−1 + {n2t2}∆(2)

i2 Si−1 + π({nt})∆(1)
i1 ∆(2)

i2 Si−1,
(2.9)

or alternatively

ξn(t) = π(1− {nt})Si−1 + π({nt})Si
+ {n1t1}(1− {n2t2})Si1,i2−1 + (1− {n1t1}){n2t2}Si1−1,i2 . (2.10)

Note that by doing so we expressed ξn(t) as linear combination of its values
at vertices of rectangle [(i − 1)/n, i/n]. Furthermore the weights in this
combination sum to one and

nt = π(1− {nt})[nt] + π({nt})([nt] + 1)
+ {n1t1}(1− {n2t2})([n1t1] + 1, [n2t2])
+ (1− {n1t1}){n2t2}([n1t1], [n2t2] + 1)
= [nt] + {nt}.

Thus in the point in the grid rectangle our summation process is weighted
sum of its values on rectangle vertexes with the weights comming from
barycentric decomposition of the point as it is in the case d = 1. Note
that though we derived this decomposition for real valued random variables
it holds for Banach space valued random variables also. We extend now (2.9)
and (2.10) for general d.

Proposition 12 For t ∈ [0, 1)d, denote s = {nt} and represent vertices of
the rectangle Rn,[nt]+1 as

V (u) := [nt]
n

+ u

n
, u ∈ {0, 1}d. (2.11)

It is possible to express t as a barycenter of these 2d vertices with weights
w(u) ≥ 0 depending on t, i.e.,

t =
∑

u∈{0,1}d
w(u)V (u), with

∑
u∈{0,1}d

w(u) = 1, (2.12)
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where

w(u) =
d∏
l=1

sull (1− sl)1−ul . (2.13)

Using this representation, define the random field ξ∗n by

ξ∗n(t) =
∑

u∈{0,1}d
w(u)S[nt]+u, t ∈ [0, 1]d.

Then ξ∗n coincides with the summation process defined by (2.4), where {Xi,1 ≤
i ≤ n} is a collection of Banach space valued random variables. Furthermore
ξn admits representation

ξn(t) = S[nt] +
d∑
l=1

∑
1≤i1<i2<···<il≤d

(
l∏

k=1
{niktik}

)(
l∏

k=1
∆(ik)

[nik tik ]+1

)
S[nt]. (2.14)

Proof of proposition 12

For notational convenience write

Rn,j :=
[
j − 1
n

,
j

n

)
. (2.15)

For fixed n ≥ 1 ∈ Nd, any t 6= 1 ∈ [0, 1)d belongs to a unique rectangle Rn,j ,
defined by (2.15), namely Rn,[nt]+1. Recalling definition s = {nt}, note that

t = [nt]
n

+ s

n
. (2.16)

For any non empty subset L of {1, . . . , d}, we denote by {0, 1}L the set of
binary vectors indexed by L. In particular {0, 1}d is an abriged notation for
{0, 1}{1,...,d}. Now define the non negative weights

wL(u) :=
∏
l∈L

sull (1− sl)1−ul , u ∈ {0, 1}L

and note that when L = {1, . . . , d} these weights coincide with weights w(u)
defined in (2.13), hence we will not write subscript L in this case. For fixed
L, the sum of all these weigths is one since∑

u∈{0,1}L
wL(u) =

∏
l∈L

(
sl + (1− sl)

)
= 1. (2.17)
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The special case L = {1, . . . , d} gives the second equality in (2.12). From
(2.17) we immediately deduce that for anyK non empty and strictly included
in {1, . . . , d}, with L := {1, . . . , d} \K,∑

u∈{0,1}d,
∀k∈K,uk=1

w(u) =
∏
k∈K

sk
∑

u∈{0,1}L
sull (1− sl)1−ul =

∏
k∈K

sk. (2.18)

Formula (2.18) remains obviously valid in the case where K = {1, . . . , d}.
Now let us observe that
∑

u∈{0,1}d
w(u)V (u) =

∑
u∈{0,1}d

w(u)
( [nt]
n

+ u

n

)
= [nt]

n
+

∑
u∈{0,1}d

w(u)u
n
.

Comparing with the expression of t given by (2.16), we see that the first
equality in (2.12) will be established if we check that

s′ :=
∑

u∈{0,1}d
w(u)u = s. (2.19)

This is easily seen componentwise using (2.18) because for any fixed l ∈
{1, . . . , d},

s′l =
∑

u∈{0,1}d,
ul=1

w(u) =
∏
k∈{l}

sk = sl.

Next we check that ξn(t) = ξ∗n(t) for every t ∈ [0, 1]d. Introduce the notation

Dt,u := Nd ∩
([

0, [nt] + u
]
\
[
0, [nt]

])
.

Then we have

ξ∗n(t) =
∑

u∈{0,1}d
w(u)

(
S[nt] + (S[nt]+u − S[nt])

)
= S[nt]

∑
u∈{0,1}d

w(u)
∑
i∈Dt,u

Xi.

Now in view of (2.4) the proof of ξn(t) = ξ∗n(t) reduces clearly to that of∑
u∈{0,1}d

w(u)
∑
i∈Dt,u

Xi =
∑
i∈I
π(n)|Rn,i ∩ [0, t]|Xi, (2.20)



CHAPTER 2. SUMMATION PROCESSES 73

where

I := {i ≤ n; ∀k ∈ {1, . . . , d}, ik ≤ [nktk] + 1 and
∃l ∈ {1, . . . , d}, il = [nltl] + 1}.

(2.21)

Clearly I is the union of all Dt,u, u ∈ {0, 1}d, so we can rewrite the left hand
side of (2.20) under the form ∑

i∈I aiXi. For i ∈ I, put

K(i) :=
{
k ∈ {1, . . . , d}; ik = [nktk] + 1

}
. (2.22)

Then observe that for i ∈ I, the u’s such that i ∈ Dt,u are exactly those
which satisfy uk = 1 for every k ∈ K(i). Using (2.18), this gives

∀i ∈ I, ai =
∑

u∈{0,1}d,
∀k∈K(i), uk=1

w(u) =
∏

k∈K(i)
sk. (2.23)

On the other hand we have for every i ∈ I,

|Rn,i ∩ [0, t]| =
∏

k∈K(i)

(
tk −

[nktk]
nk

) ∏
k/∈K(i)

1
nk

= 1
π(n)

∏
k∈K(i)

sk = ai
π(n) .

(2.24)
Thus (2.20) follows. To prove (2.14) note that

ξn(t) = S[nt] +
∑
i∈I
π(n)|Rn,i ∩ [0, t]|Xi = S[nt] +

∑
i∈I

( ∏
k∈K(i)

sk

)
Xi,

which can be recast as

ξn(t) = S[nt] +
d∑
l=1

Tl(t) (2.25)

with
Tl(t) :=

∑
i∈I

card(K(i))=l

( ∏
k∈K(i)

sk

)
Xi. (2.26)

Let K ⊂ {1, . . . , d} and IK = {i ∈ I;K(i) = K}. Then

IK = {i ≤ n; ik = [nktk] + 1, for k ∈ K and
ik ≤ [nktk], for k ∈ {1, . . . , d}\K},



CHAPTER 2. SUMMATION PROCESSES 74

Take for example K = {1} and notice that

∑
i∈IK

Xi =
[nt2]∑
i2=1

. . .
[ntd]∑
id=1

X([nt1]+1,i2,...,id) = ∆(1)
[nt1]+1S[nt].

Then it should be clear that

∑
i∈IK

Xi =
∏
k∈K

∆(k)
[nktk]+1

S[nt].

Now observe that

Tl(t) =
∑

K⊂{1,...,d}
card(K)=l

∑
i∈IK

( ∏
k∈K

sk

)
Xi =

∑
K⊂{1,...,d}
card(K)=l

( ∏
k∈K

sk

) ∑
i∈IK

Xi.

Recalling that sk = {nktk}, this leads to

Tl(t) =
∑

K⊂{1,...,d}
card(K)=l

( ∏
k∈K
{nktk}

)( ∏
k∈K

∆(k)
[nktk]+1

)
S[nt]. (2.27)

Finally we obtain the representation (2.14) and complete the proof.

2.1.3 Estimate of sequential Hölder norm
Using the results from previous sections we give now the estimate of sequen-
tial norm of π(n)−1/2ξn in terms of m-indexed sums. We use this result later
for proving the tightness of process π(n)−1/2ξn. Recall that sequential norm
of x ∈ Ho

α([0, 1]d) is defined as

‖x‖seq
α = sup

j≥0
2αj max

v∈Vj
‖λj,v(x)‖.

Recall from 1.2.2 that a dyadic point v ∈ Vj can be expressed as v =
(k12−j, . . . , kd2−j) with at least one ki odd. Denote by K = {j1, . . . , jl}
the set of indices for which coordinates of 2jv are odd. Then

ξn(v)− ξn(v+) =
card(K)∑
i=1

ξn

(
v + 2−j

i−1∑
k=1

ejk

)
− ξn

(
v + 2−j

i∑
k=1

ejk

)
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similarly

ξn(v)− ξn(v−) =
card(K)∑
i=1

ξn

(
v − 2−j

i−1∑
k=1

ejk

)
− ξn

(
v − 2−j

i∑
k=1

ejk

)

thus we can express double difference

λj,v(ξn) = ξn(v)− 1
2(ξn(v+) + ξn(v−))

as differences of process ξn where only one coordinate is changing. Define

∆(1)
n (t, t′; s) := ‖ξn(t′, s2, . . . , sd)− ξn(t, s2, . . . , sd)‖,

for the change in the first coordinate and similarly ∆(j)
n (t, t′; s) for the change

in the j-th coordinate. Then

max
v∈Vj
‖λj,v(ξn)‖ ≤

d∑
m=1

max
0≤k<2j
0≤`≤2j

∆(m)
n (tk+1, tk; s`) (2.28)

with tk = k2−j, ` = (l2, . . . , ld), 2j = (2j, . . . , 2j) (vector of dimension d− 1)
and s` = `2−j.

Let us first examine the the case d = 1. Then

max
v∈Vj
‖λj,v(ξn)‖ ≤ max

0≤k<2j
|ξn(tk+1)− ξn(tk)|.

Denote by “log” the logarithm with basis 2 (log 2 = 1). If j > log n then
tk+1 − tk = 2−j < 1/n and from definition (2.1) we get

ξn(tk+1)− ξn(tk) = n2−jX[ntk]+1

if [ntk+1] = [ntk]. For j ≤ log n we get

ξn(tk+1)− ξn(tk) =
[ntk+1]∑
i=[ntk]+1

Xi

if n = 2l with l > j. With little additional work it is possible to refine these
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expressions to get the estimate

max
0≤k<2j

|ξn(tk+1)− ξn(tk)| ≤ 1 (j ≤ log n) max
0≤k<2j

[ntk+1]∑
i=[ntk]+1

|Xi|

+ 1 (j > log n)n2−j+1 max
1≤i≤n

|Xi|.

For the case d > 1 it is possible to get similar estimate given by the following
lemma.

Lemma 13 For m = 1, . . . , d and any t′, t ∈ [0, 1], t′ > t,

sup
s∈[0,1]d−1

∆(m)
n (t, t′; s) ≤ 3d1

(
t′ − t ≥ 1

nm

)
ψ(m)
n (t′, t)

+ 3d min
(
1, nm(t′ − t)

)
Z(m)
n ,

where

ψ(m)
n (t′, t) := max

1−m≤k−m≤n−m

∥∥∥∥ [nmt′]∑
km=[nmt]+1

∆(m)
km
Sk

∥∥∥∥, (2.29)

Z(m)
n := max

1≤k≤n
‖∆(m)

k1 Sk‖. (2.30)

Thus

max
0≤k<2j
0≤`≤2j

∆(m)
n (tk+1, tk; s`) ≤ max

0≤k<2j

[
3d1 (tk+1 − tk ≥ 1/nm)ψ(m)

n (tk+1, tk)

+ 3d min{1, nm(tk+1 − tk)}Z(m)
n

]
It is possible to further refine this expression by considering certain values of
j. For j > log nm, we have 2j > nm, whence (tk+1 − tk) = 2−j < 1/nm thus
in this case

max
0≤k<2j
0≤`≤2j

∆(m)
n (tk+1, tk; s`) ≤ 3d max

0≤k<2j
nm(tk+1 − tk)Z(m)

n .

Now since 2−j < n−1
m we have

2jαnm(tk+1 − tk) = 2−j(1−α)nm < nαm,
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giving us

2jα max
0≤k<2j
0≤`≤2j

∆(m)
n (tk+1, tk; s`) ≤ 3dnαmZ(m)

n (2.31)

for j > log nm. On the other hand, for j ≤ log nm, we have 2αj ≤ nαm, whence

2jα max
0≤k<2j
0≤`≤2j

∆(m)
n (tk+1, tk; s`) ≤ 3d

[
max

j≤lognm
max

0≤k<2j
ψ(m)
n (tk+1, tk) + nαmZ

(m)
n

]
(2.32)

for j ≤ log nm. Reporting now (2.31) and (2.32) to (2.28) we get

‖ξn‖seq
α ≤ 3d

d∑
m=1

(
max

j≤lognm
2αj max

0≤k<2j
ψ(m)
n (tk+1, tk) + nαmZ

(m)
n

)
. (2.33)

Recalling the definition of EJ from (1.3) and noting that we can restrict the
domain of j in inequality (2.32) we also get the estimate for ‖ξn − EJξn‖

‖ξn − EJξn‖seq
α ≤ 3d

d∑
m=1

(
max

J≤j≤lognm
2αj max

0≤k<2j
ψ(m)
n (tk+1, tk) + nαmZ

(m)
n

)
.

(2.34)

From these inequalities we see that the sequential norm of process ξn can be
controlled by only first differences of the process when only one coordinate
changes.

Proof of lemma 13

We prove this lemma in case of m = 1, proof for other cases is identical. Put
u := (t, s), u′ := (t′, s), so u1 = t, u′1 = t′ and u2:d = u′2:d = s. Denote

Tl(t) =
∑

1≤i1<i2<···<il≤d

(
l∏

k=1
{niktik}

)(
l∏

k=1
∆(ik)

[nik tik ]+1

)
S[nt].

Then from representation 2.14 we have

ξn(u′)− ξn(u) = S[nu′] − S[nu] +
d∑
l=1

(
Tl(u′)− Tl(u)

)
. (2.35)

To estimate this ξn’s increment we discuss according to the different possible
configurations.
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Case 1. 0 < t′ − t < 1/n1.
Case 1.a. [n1t

′] = [n1t], whence [nu′] = [nu]. Consider first the increment
T1(u′)− T1(u) and note that by (2.27) with l = 1,

T1(u) =
∑

1≤k≤d
{nkuk}∆(k)

[nkuk]+1S[nu].

Because u2:d = u′2:d and [nu′] = [nu], all the terms indexed by k ≥ 2
disappear in the difference T1(u′)− T1(u). Note also that {n1t

′} − {n1t} =
n1(t′ − t). This leads to the factorization

T1(u′)− T1(u) = n1(t′ − t)∆(1)
[n1t]+1S[nu].

For l ≥ 2, Tl(u) is expressed by (2.27) as

Tl(u) =
∑

1≤i1<···<il≤d
{ni1ui1} . . . {niluil}∆

(i1)
[ni1ui1 ]+1 . . .∆

(il)
[niluil ]+1S[nu].

As above, all the terms for which i1 ≥ 2 disappear in the difference Tl(u′)−
Tl(u) and we obtain

Tl(u′)− Tl(u) = n1(t′ − t)
∑

1<i2<···<il≤d
{ni2si2} . . . {nilsil}

∆(1)
[n1t]+1∆

(i2)
[ni2si2 ]+1 . . .∆

(il)
[nilsil ]+1S[nu].

Since {ni2si2} . . . {nilsil} < 1 and

∥∥∥∆(1)
[n1t]+1∆

(i2)
[ni2si2 ]+1 . . .∆

(il)
[nilsil ]+1S[nu]

∥∥∥ =

∥∥∥∥∥∥∆(1)
[n1t]+1

∑
i∈I

εiSi

∥∥∥∥∥∥
≤
∑
i∈I

∥∥∥∆(1)
[n1t]+1Si

∥∥∥ ,
where εi = ±1 and I is some appropriate subset of [0,n] ∩ Nd with 2l−1

elements. Hence with Zn defined by (2.30), we obtain for l ≥ 2

‖Tl(u′)− Tl(u)‖ ≤ n1(t′ − t)
(
d− 1
l − 1

)
2l−1Zn.

Clearly this estimate holds true also for l = 1, so going back to (2.35) and
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recalling that in the case under consideration [nu′] = [nu], we obtain

‖ξn(u′)− ξn(u)‖ ≤
d∑
l=1

n1(t′ − t)
(
d− 1
l − 1

)
2l−1Zn = 3d−1n1(t′ − t)Zn. (2.36)

Case 1.b. n1t < [n1t
′] ≤ n1t

′. Using chaining to exploit the result of case
1.a, we obtain

‖ξn(u′)− ξn(u)‖ ≤
∥∥∥∥∥ξn(u′)− ξn

( [n1t
′]

n1
, s
)∥∥∥∥∥+

∥∥∥∥∥ξn
( [n1t

′]
n1

, s
)
− ξn(u)

∥∥∥∥∥
≤ 3d−1(n1t

′ − [n1t
′])Zn + 3d−1([n1t

′]− n1t)Zn
= 3d−1n1(t′ − t)Zn. (2.37)

Case 2. t′ − t ≥ 1/n1. Then [n1t] ≤ n1t < [n1t] + 1 ≤ [n1t
′] ≤ n1t

′ and
putting

t1 := [n1t]
n1

, t′1 := [n1t
′]

n1
, v := (t1, s), v′ := (t′1, s),

we get the upper bound

‖ξn(u′)− ξn(u)‖ ≤ ‖ξn(u′)− ξn(v′)‖+ ‖ξn(v′)− ξn(v)‖
+ ‖ξn(v)− ξn(u)‖ ,

where the first and third terms fall within the case 1 since t′− t′1 < 1/n1 and
t− t1 < 1/n1. As n1v1 = n1t1 = [n1t], we have

[nv] = ([n1t1], [n2:ds]) = [nu] and {n1v1} = {[n1t]} = 0,

so the representation (2.14) for ξn(v) may be recast as

ξn(v) = S[nu] +
d−1∑
l=1

∑
2≤i1<i2<···<il≤d

(
l∏

k=1
{nikvik}

)(
l∏

k=1
∆(ik)

[nikvik ]+1

)
S[nu].

Clearly the same representation holds for ξn(v′), by just replacing u by u′.
Now since ∆’s are interchangable and

S[nu′] − S[nu] =
[nt′]∑

i=[nt]+1
∆(1)
i S(i,[n2:ds]),
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we get

‖ξn(v′)− ξn(v)‖ ≤ ψn(t′, t)
d−1∑
l=0

(
d− 1
l

)
2l = 3d−1ψn(t′, t),

with ψn(t′, t) defined by (2.29). Using case 1 to bound ‖ξn(u′)− ξn(v′)‖ and
‖ξn(v)− ξn(u)‖, we obtain

‖ξn(t′, s)− ξn(t, s)‖ ≤ 3d−1{n1t
′}Zn + 3d−1ψn(t′, t) + 3d−1{n1t}Zn

≤ 3d−1ψn(t′, t) + 2 · 3d−1Zn. (2.38)

Combining (2.36), (2.37) and (2.38) we complete the proof of lemma 13. �

2.2 Unequal variance
Let us examine a simple example. Take collection {Xn,k, k = 1, . . . , 2n}
of random variables i.i.d. for each n with zero mean and variance EX2

n,k =
1/(2n). Then the sum Sn,2n = Xn,1+· · ·+Xn,2n converges to standard normal
and the polygonal line process ξn(t) = Sn,[2nt]+(2nt−[2nt])X[2nt]+1 converges
to Brownian motion. Now introduce collection {Yn,k, k = 1, . . . , 2n} by tak-
ing Yn,k = 1/

√
2Xn,k for k ≤ n, and Yn,k =

√
3/2Xn,k for k = n + 1, . . . , 2n.

The sum S ′n,2n = Yn,1 + · · · + Yn,2n still converges to standard normal. But
for polygonal line process ξ′n(t) = S ′n,[2nt] + (2nt− [2nt])Y[2nt]+1 we then have
E (ξn(1/2)′)2 = 1/4 for all n. Thus if functional central limit theorem holds
the variance of limiting process at 1/2 is 1/4. Yet Brownian motion vari-
ance at 1/2 is 1/2, thus the limiting process (if it exists) in this case is not
the Brownian motion. From classical result of Prokhorov [24] we know that
for triangular arraysit is possible to use different construction of summation
process so that the functional central limit theorem holds and the limiting
process is always Brownian motion. Furthermore in the case of i.i.d. ran-
dom variables both definitions coincide. We propose similar definition for
[0, 1]d indexed summation processes, which though does not solve the prob-
lem completely as in case d = 1, is nevertheless an improvement on using the
definition (2.4).

2.2.1 Definitions and representations
Let us first review the case of [0, 1] indexed summation process, i.e. the
classical result of Prokhorov [24] for triangular arrays. Suppose we have
collection {Xn,k, 1 ≤ k ≤ kn, kn, n ∈ N} of random variables. Let EX2

n,k =
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σ2
n,k and assume that ∑kn

k=1 σ
2
n,k = 1. Define

Sn(k) = Xn,1 + · · ·+Xn,k

and
bn(k) = σ2

n,1 + · · ·+ σ2
n,k.

Then classical definition of summation process is

ξn(t) = Sn(k) + (t− bn(k))σ−2
n,k+1Xn,k+1, for bn(k) ≤ t < bn(k + 1). (2.39)

Define

un(t) = min(k : bn(k) < t),

then

E ξn(t)2 =
un(t)∑
k=1

σ2
n,k + (t− bn(k))2

σ2
n,k+1

.

If we assume

max
1≤k≤kn

σ2
n,k → 0, as n→∞

which is necessary for central limit theorem to apply, we have

E ξn(t)2 → t. (2.40)

Define triangular array with multidimensional index as

(Xn,k, 1 ≤ k ≤ kn), n ∈ Nd,

where for each n the random variables Xn,k are independent. The expression
kn is the element from Nd with multidimensional index: kn = (k1

n, . . . , k
d
n).

Assume that EXn,k = 0 and that σ2
n,k := EX2

n,k < ∞, for 1 ≤ k ≤ kn,
n ∈ Nd. Define for each 1 ≤ k ≤ kn

Sn(k) :=
∑
j≤k

Xn,j , bn(k) :=
∑
j≤k

σ2
n,j .

We require that the sum of all variances is one, i.e. bn(kn) = 1 and that
m(kn) → ∞, as m(n) → ∞. Note that these requirements are the same as
for one-dimensional triangular array.

If π(k) = 0, let Sn(k) = 0, bn(k) = 0. For i = 1, . . . , d introduce the
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notations

bi(k) := bn(k1
n, . . . , k

i−1
n , k, ki+1

n , . . . , kdn),
∆bi(k) := bi(k)− bi(k − 1) (2.41)

and

B(k) = (b1(k1), . . . , bd(kd)), ∆B(k) := (∆b1(k1), . . . ,∆bd(kd)) (2.42)

for its vector counterparts. Note that these variables depend on n and kn.
For 1 ≤ k ≤ kn let

Qn,k :=
[
b1(k1 − 1), b1(k1)

)
× · · · ×

[
bd(kd − 1), bd(kd)

)
. (2.43)

Due to definition of bi(k) we haveQn,j∩Qn,k = ∅, if k 6= j, Also ∪k≤knQn,k =
[0, 1)d and ∑k≤kn

|Qn,k| = 1 with |Qn,k| = π(∆B(k)). Thus any t ∈ [0, 1)d
falls into unique rectangle Qn,k, for some k. In that case trivial equality

ti = bi(ki − 1) + ti − bi(ki − 1)
∆bi(ki)

∆bi(ki)

gives

t = B(k − 1) + t−B(k − 1)
∆B(k) ∆B(k)

with

0 ≤ t−B(k − 1)
∆B(k) < 1.

This corresponds to decomposition

t = [nt]
n

+ {nt}
n

.

It is natural then that summation process defined on the grid Qn,k as

Ξn(t) =
∑

1≤j≤n
|Qn,j|−1|Qn,j ∩ [0, t]|Xn,j , (2.44)

similar to (2.4) assumes the same representations as process ξn(t). For t ∈
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[0, 1] and t ∈ [0, 1]d, write

ui(t) := max{j ≥ 0 : bi(j) ≤ t}, U (t) := (u1(t1), . . . , ud(td)).

Then following proposition holds.

Proposition 14 For t ∈ [0, 1)d, denote

s = t−B(U(t))
∆B(U (t) + 1)

and write vertices of the rectangle Rn,U(t)+1 as

V (u) := B(U(t)) + u∆B(U(t) + 1). u ∈ {0, 1}d. (2.45)

It is possible to express t as a barycenter of these 2d vertices with weights
w(u) ≥ 0 depending on t, i.e.,

t =
∑

u∈{0,1}d
w(u)V (u), where

∑
u∈{0,1}d

w(u) = 1, (2.46)

where

w(u) =
d∏
l=1

sull (1− sl)1−ul .

Using this representation, define the random field Ξ∗n by

Ξ∗n(t) =
∑

u∈{0,1}d
w(u)Sn(U(t) + u), t ∈ [0, 1]d.

Then Ξ∗n coincides with the summation process defined by (2.44). Furthemore
Ξn(t) admits representation

Ξn(t) = Sn(U(t))+
d∑
l=1

∑
1≤i1<i2<···<il≤d

(
l∏

k=1

tik − bik(uik)
∆bik(uik(tik) + 1)

)(
l∏

k=1
∆(ik)
uik (tik )+1

)
Sn(U(t)).

(2.47)

Proof. The proof is the same as in proposition 12 with the change of notation:
[nt] changed to U(t) and {nt} to (t−B(U(t)))/∆B(U(t) + 1).
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2.2.2 Estimate of sequential norm
We give now the estimate of sequential norm of Ξn. The estimate is similar
to the one given in section 2.1.3 for process ξn. As in section 2.1.3 we can
write

max
v∈Vj
‖λj,v(Ξn)‖ ≤

d∑
m=1

max
0≤k<2j
0≤`≤2j

∆(m)
n (tk+1, tk; s`) (2.48)

with tk = k2−j, ` = (l2, . . . , ld), 2j = (2j, . . . , 2j) (vector of dimension d− 1),
s` = `2−j, and ∆(m)

n (t, t′; s) defined for m = 1 as

∆(1)
n (t, t′; s) := |Ξn(t′, s)− Ξn(t, s)|

and similarly for other coordinates for m > 1. Introduce set Dj = {2(l −
1)2−j; 1 ≤ l ≤ 2j−1} and notation r− = r− 2−j and r+ = r+ 2−j for r ∈ Dj.
Then

max
v∈Vj
‖λj,v(Ξn)‖ ≤

d∑
m=1

max{ max
r∈Dj

0≤`≤2j

∆(m)
n (r, r−; s`), max

r∈Dj
0≤`≤2j

∆(m)
n (r+, r; s`)}.

(2.49)

At first glance this separation seems unnecessary, especially since the treat-
ment of both ∆(m)

n (r, r−; s`) and ∆(m)
n (r, r+; s`) is identical, but this simplifies

the proofs later on. Similar lemma to 13 holds.

Lemma 15 For m = 1, . . . , d and any r ∈ Dj

sup
s∈[0,1]d−1

∆(m)
n (r, r−; s) ≤ 3d1

(
um(r) > um(r−) + 1

)
ψ(m)
n (r, r−)

+ 3d2−jαZ(m)
n ,

where

ψn(r, r−)(m) := max
k−m≤(kn)−m

∣∣∣∣∣
um(r)∑

km=um(r−)+2
∆(m)
km
Sn(k)

∣∣∣∣∣ (2.50)

Z(m)
n := max

1≤k≤kn

|∆(m)
km
Sn(k)|

(∆bm(km))α . (2.51)

Similarly
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Lemma 16 For m = 1, . . . , d and any r ∈ Dj

sup
s∈[0,1]d−1

∆(m)
n (r, r+; s) ≤ 3d1

(
um(r) > um(r−) + 1

)
ψ(m)
n (r, r+)

+ 3d2−jαZ(m)
n ,

where

ψn(r, r+)(m) := max
k−m≤(kn)−m

∣∣∣∣∣
um(r+)∑

km=um(r)+2
∆(m)
km
Sn(k)

∣∣∣∣∣. (2.52)

with Z(m)
n as in (2.51).

Note that only definitions of ψn differs and Z(m)
n does not depend on j.

We make no distinction for different j and derive immediately estimate of
sequential norm

‖Ξn‖seq
α ≤ 3d

d∑
m=1

(
max
j≥0

2jα max
r∈Dj

[ψ(m)
n (r, r−) + ψ(m)

n (r, r+)] + Z(m)
n

)
(2.53)

and the tail

‖Ξn − EJΞn‖seq
α

≤ 3d
d∑

m=1

(
max
j≥J

2jα max
r∈Dj

[ψ(m)
n (r, r−) + ψ(m)

n (r, r+)] + Z(m)
n

)
. (2.54)

Proof of lemma 15

We prove this form = 1 since the proof is the same for otherm, subsequently
we drop the superscript in definitions Zn and ψn. The proof is similar to proof
of lemma 13. Denote by v = (r, s), and v− = (r−, s). Recall representation
(2.47) and write

Tl(t) =
∑

1≤i1<i2<···<il≤d

(
l∏

k=1

tik − bik(uik)
∆bik(uik(tik) + 1)

)
(

l∏
k=1

∆(ik)
uik (tik )+1

)
Sn(U(t))
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for l = 1, . . . , d. Then

Ξn(r, s`)− Ξn(r−, s`) = Sn(U(v))− Sn(U(v−))

+
d∑
l=1

(Tl(v)− Tl(v−)).

To estimate this increment we discuss according to following configurations
Case 1. u1(r) = u1(r−). Consider first the increment T1(v) − T1(v−) and
note that by (2.27) with l = 1,

T1(v) =
∑

1≤k≤d

vk − bk(uk(vk))
∆bk(uk(vk) + 1)∆

(k)
uk(vk)+1Sn(U(v)).

Because v2:d = v−2:d andU(v) = U(v−), all terms indexed by k ≥ 2 disappear
in difference T1(v)− T1(v−). This leads to the factorisation

T1(v)− T1(v−) = r − r−

∆b1(u1(r) + 1)∆
(1)
u1(r)+1Sn(U(v)). (2.55)

For l ≥ 2, Tl(v) is expressed by (2.27) as

Tl(v) =
∑

1≤i1<···<il≤d

vi1 − bi1(ui1(vi1))
∆bi1(ui1(vi1) + 1) . . .

vil − bil(uil(vil))
∆bil(uil(vil) + 1)

∆(i1)
ui1 (vi1 )+1 . . .∆

(il)
uil (vil )+1Sn(U (v)).

In the difference T1(v)−T1(v−) all the terms for which i1 ≥ 2 again disappear
and we obtain

Tl(v)− Tl(v−) = r − r−

∆b1(u1(r) + 1)∑
1<i2<···<il≤d

vi2 − bi2(ui2(vi2))
∆bi1(ui1(vi1) + 1) . . .

vil − bil(uil(vil))
∆bil(uil(vil) + 1)

∆(1)
u1(r)+1∆

(i2)
ui2 (vi2 )+1 . . .∆

(il)
uil (vil )+1Sn(U(v)). (2.56)

Since u1(r) = u1(r−), we have b1(u1(r)) ≤ r < r− < b1(u1(r) + 1), thus

r − r−

∆b1(u1(r) + 1) ≤
(

r − r−

∆b1(u1(r) + 1)

)α
.
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Now
vi2 − bi2(ui2(vi2))
∆bi1(ui1(vi1) + 1) . . .

vil − bil(uil(vil))
∆bil(uil(vil) + 1) < 1

and

|∆(1)
u1(r)+1∆

(i2)
ui2 (vi2 )+1 . . .∆

(il)
uil (vil )+1Sn(U (v))| = |∆(1)

u1(r)+1
∑
i∈I

εiSn(i)|

≤
∑
i∈I
|∆(1)

u1(r)+1Sn(i)|, (2.57)

where εi = ±1 and I is some appropriate subset of [0,n] ∩ Nd with 2l−1

elements. Recall that Zn is defined as

Zn = max
1≤k≤kn

|∆(1)
k1 Sn(k)|

(∆b1(k1))α
.

Now noting that r − r− = 2−j and ∆b1(k1) depends only on k1, we obtain
for l ≥ 2

|Tl(u′)− Tl(u)| ≤ 2−jα
(
d− 1
l − 1

)
2l−1Zn.

Thus

|Ξn(v)− Ξn(v−)| ≤
d∑
l=1

2−jα
(
d− 1
l − 1

)
2l−1Zn = 3d−12−jαZn. (2.58)

Case 2. u1(r) = u1(r−) + 1. In this case we have b1(u1(r−)) ≤ r− <
b1(u1(r)) ≤ r. Using previous definitions we can write

|Ξn(v)− Ξn(v−)| ≤ |Ξn(v)− Ξn(b1(u1(r)), s`)|
+ |Ξn(b1(u1(r)), s`)− Ξn(v−)|.

Now

r − b1(u1(r))
∆b1(u1(r) + 1) ≤

(
r − b1(u1(r))

∆b1(u1(r) + 1)

)α
≤ 2−jα

(∆b1(u1(r) + 1))α

and similarly

b1(u1(r))− r−

∆b1(u1(r−) + 1) ≤
2−jα

(∆b1(u1(r−) + 1))α .
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Combining these inequalities with (2.55) and (2.56) we get as in(2.36)

|Ξn(v)− Ξn(v−)| ≤ 2 · 3d−12−jαZn.

Case 3. u1(r) > u1(r−) + 1. Put

u = (b1(u1(r)), s`), u− = (b1(u1(r−)) + 1, s`).

Then

|Ξn(v)− Ξn(v−)| ≤ |Ξn(v)− Ξn(u)|+ |Ξn(u)− Ξn(u−)|
+ |Ξn(u−)− Ξn(v−)|.

Since U(u)2:d = U(u−)2:d = U (v)2:d, we have

Ξn(u) = Sn(U(u)) +
d−1∑
l=1

∑
2≤i1<i2<···<il≤d

(
l∏

k=1

vik − bik(uik(vik)
∆bikuik(vik) + 1)

)
(

l∏
k=1

∆(ik)
uik (vik )+1

)
Sn(U(u))

and similar representation holds for Ξn(u−). We have

Sn(U(u))− Sn(U(u−)) =
u1(r)∑

i=u1(r−)+2
∆(1)
i Sn((i,U(s`))).

Recalling the definition

ψn(r, r−) = max
k2:d≤kn,2:d

∣∣∣∣∣
u1(r)∑

i=u1(r−)+2
∆(1)
i Sn((i,k2:d))

∣∣∣∣∣,
similar to (2.57) and (2.58) we get

|Ξn(u)− Ξn(u−)| ≤ ψn(r, r−)
d−1∑
l=0

2l ≤ 3d−1ψn(r, r−).

We can bound |Ξn(v)− Ξn(u)| and |Ξn(u−)− Ξn(v)| as in case 2. Thus we
get

|Ξn(r, s`)− Ξn(r−, s`)| ≤ 3d−1ψn(r, r−) + 2 · 3d−12−jαZn, (2.59)

which gives us the proof of the lemma.
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Proof of the lemma 16

Proof is identical to the proof of lemma 15. Instead of analyzing configura-
tions when u1(r) ≥ u1(r−), analyze configurations when u1(r+) ≥ u1(r).



Chapter 3

Functional central limit
theorems

Functional central limit theorems deal with weak convergence of summa-
tion processes. Classical approach is to prove first the convergence of finite-
dimensional distributions usually using central limit theorem, and then to
show that the summation process is tight. Due to Prokhorov theorem this
then gives the weak convergence and we say that functional central limit
theorem is proved. Functional central limit theorem is called the invariance
principle if necessary and sufficient conditions for the convergence are given.
In this section we prove invariance principle for i.i.d. Hilbert space valued
random variables in Hölder space. We also prove functional central limit
theorem for real valued independent but non-identically distributed random
variables. Usually proving tightness is harder task, but that is not necessarily
so as we show for the triangular array.

For better readability shorter proofs are given straight after theorems in
this chapter. The end of the proof is noted by the symbol �.

3.1 Invariance principle

3.1.1 Finite dimensional distributions
Recall the definition of summation process ξn:

ξn(t) =
∑
i≤n
π(n)

∣∣∣∣∣
[
i− 1
n

,
i

n

)
∩ [0, t]

∣∣∣∣∣Xi.

90
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The so called jump summation process is defined by ζn(t) = S[nt] which can
be put alternatively as

ζn(t) =
∑
j≤n

1 (j/n ∈ [0, t])Xj .

The following theorem holds.

Theorem 17 Let {Xi,1 ≤ i ≤ n} be a collection of H-valued random vari-
ables. Assume that all variables have finite second moment and uniform
variance σ2 = E ‖Xi‖2 < ∞ for all i ≤ n. Then if E 〈Xi, Xj〉 = 0 for
1 ≤ i 6= j ≤ n,

‖π(n)−1/2(ξn(t)− ζn(t))‖ Pr−−−−−−→
m(n)→∞

0, (3.1)

for each t ∈ [0, 1]d.

Proof. For each t we can write π(n)−1/2(ξn(t)− ζn(t)) = ∑
i≤n αiXi, where

αi := π(n)1/2(|[(i− 1)/n, i/n] ∩ [0, t]| − π(n)−11 (i/n ∈ [0, t])).

Then

E ‖π(n)−1/2(ξn − ζn)‖2 =
∑
i≤n

∑
j≤n

αiαjE 〈Xi, Xj〉 = σ2 ∑
i≤n

α2
i .

Now |αi| < 1, and vanishes if [(i− 1)/n, i/n) ⊂ [0, t], or [(i− 1)/n, i/n) ∩
[0, t] = ∅. Actually αi 6= 0 if and only if i ∈ I, where I is defined as

I := {i ≤ n; ∀k ∈ {1, . . . , d}, ik ≤ [nktk] + 1 and
∃l ∈ {1, . . . , d}, il = [nltl] + 1}.

For any Borel set A ⊂ [0, 1]d define for ε > 0

Aε :=
{
y ∈ Rd, ∃x ∈ A; |x− y| < ε

}
, A−ε := Rd \ (Rd \ A)ε.

Put εn := m(n)−1 and βn(t) := |[0, t]εn \ [0, t]−εn |. Then∑
i≤n

α2
i =

∑
i∈I

α2
i ≤ βn(t),

and this upper bound tends to zero since the Lebesgue measure of [0, t]εn \
[0, t]−εn is clearlyO(εn) = O(m(n)−1). Combined with the estimate P (‖Y ‖ >
r) ≤ r−2E ‖Y ‖2, for any random variable Y , the theorem follows. �
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This theorem coupled with Slutsky’s lemma, implies then that for i.i.d.
H-valued random variables the limits of finite dimensional distributions of
both processes π(n)−1/2ξn and π(n)−1/2ζn coincide. Note that for fixed t

ζn(t) =
∑

j∈J(n)
Xj ,

where

J(n) := {j ∈ Nd : j/n ∈ [0, t]}.

IfXj are zero mean i.i.d. H-valued random variables, satisfying E ‖X1‖2 <∞
and G is the Gaussian random variable with the same covariance operator
as X1, {Xj} satisfy CLT in H [22, Th. 10.5]., i.e.

π(n)−1/2 ∑
j≤n

Xj → G, as π(n)→∞.

By denoting l(n) the number of elements in the set J(n), we then get

l(n)−1/2 ∑
j∈J(n)

Xj
H−→ G, as l(n)→∞.

So it is easier to deal with the limits of finite-dimensional distributions of ζn.
Now

l(n)
π(n) = 1

π(n)
∑
j≤n

1 (j/n ∈ [0, t])

= P (Un ∈ [0, t]) −−−−−−→
m(n)→∞

|[0, t]| = t1 . . . td,

with Un - random variable uniformly distributed on the points j/n. Recalling
definition of H-valued Brownian sheet we get

π(n)−1/2ζn(t) H−−−−−−→
m(n)→∞

W (t). (3.2)

It turns out that this convergence also holds for any vector(
ζn(t1), . . . , ζn(tq)

)
under the same conditions.

Theorem 18 The convergence

π(n)−1/2
(
ζn(t1), . . . , ζn(tq)

)
D−−−−−−→

m(n)→∞

(
W (t1), . . . ,W (tq)

)
holds for each q ≥ 1 and each t1, . . . , tq ∈ [0, 1]d, if Xj are zero mean i.i.d.
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H-valued random variables, satisfying E ‖X1‖2 <∞.

This in view of theorem 17 gives the following.

Theorem 19 Let {Xi,1 ≤ i ≤ n},n ∈ N be a collection of H-valued i.i.d.
random variables. Assume that EX1 = 0, E ‖X1‖2 < ∞. Then for each
q-tuple t1, . . . , tq ∈ [0, 1]d

π(n)−1/2
(
ξn(t1), . . . , ξn(tq)

)
) D−→

(
W (t1), . . . ,W (tq)

)
.

Proof of theorem 18

For convenience write ζ̃n := π(n)−1/2ζn. Equip Hq with product topology.
Then the net (ζ̃n(t1), . . . , ζ̃n(tq)) is tight in Hq since the nets (ζ̃n(ti)) are
tight in H due to (3.2).

Denote by 〈 · , · 〉q the scalar product in Hq which is defined by

〈h, g〉q :=
q∑
i=1
〈hi, gi〉, h = (h1, . . . , hq), g = (g1, . . . , gq) ∈ Hq.

Accounting the above mentionned tightness, to prove the theorem we have
to check that for each h ∈ Hq, the following weak convergence holds

Vn :=
〈(
ζ̃n(t1), . . . , ζ̃n(tq)

)
, h
〉
q

R−−−−−−→
m(n)→∞

〈(
W (t1), . . . ,W (tq)

)
, h
〉
q
. (3.3)

This will be done through Lindeberg theorem. The first step is to establish
the convergence of the variance bn := EV 2

n using the decomposition

Vn =
q∑

k=1
〈ζ̃n(tk), hk〉 = π(n)−1/2 ∑

i≤n

q∑
k=1

1 (i/n ∈ [0, tk]) 〈Xi, hk〉.

Denoting by Γ the covariance operator of X1, we get

bn = 1
π(n)

∑
i≤n

∑
j≤n

q∑
k=1

q∑
l=1

1 (i/n ∈ [0, tk]) 1 (j/n ∈ [0, tl]) E
(
〈Xi, hk〉〈Xj , hl〉

)

=
q∑

k=1

q∑
l=1
〈Γhk, hl〉

1
π(n)

∑
i≤n

1 (i/n ∈ [0, tk] ∩ [0, tl])

=
q∑

k=1

q∑
l=1
〈Γhk, hl〉P (Un ∈ [0, tk] ∩ [0, tl]),

where the discrete random variable Un is uniformly distributed on the grid
i/n, 1 ≤ i ≤ n. Under this form it is clear that when m(n) goes to infinity,
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bn converges to b given by

b :=
q∑

k=1

q∑
l=1
〈Γhk, hl〉|[0, tk] ∩ [0, tl]| = E

( q∑
k=1
〈W (tk), hk〉

)2

.

When b = 0, the convergence (3.3) is obvious. When b > 0, let us introduce
the real random variables

Yn,i :=
q∑

k=1
π(n)−1/21 (i/n ∈ [0, tk]) 〈Xi, hk〉,

which have both zero mean and finite variance and note that Vn = ∑
i≤n Yn,i.

To obtain (3.3) we have to check, by Lindeberg theorem, that for each ε > 0,

L(n) := 1
bn

∑
i≤n

E
(
Y 2
n,i1

(
|Yn,i| > εb1/2

n

) )
−−−−−−→

m(n)→∞
0. (3.4)

Now we have

Y 2
n,i = 1

π(n)

q∑
k=1

q∑
l=1

1 (i/n ∈ [0, tk]) 1 (i/n ∈ [0, tl]) 〈Xi, hk〉〈Xi, hl〉

≤ 1
π(n)

q∑
k=1

q∑
l=1
‖Xi‖2‖hk‖‖hl‖

= 1
π(n)

( q∑
k=1
‖hk‖

)2

‖Xi‖2 = ch
π(n)‖Xi‖2.

Recalling that the number of terms in ∑i≤n is exactly π(n) and choosing
m(n) large enough to have bn > b/2, we obtain :

L(n) ≤ 2
b
E
(
‖X1‖21

(
‖X1‖2 >

bε2

2ch
π(n)

))
,

which gives (3.4) by square integrability of X1.

3.1.2 Necessity
Suppose we have weak convergence of summation process π(n)−1/2ξn to H-
valued Brownian sheet Wd. Since the function wα( · , δ) is continuous on
Ho
α([0, 1]d), by continuous mapping theorem it follows that

lim
m(n)→∞

P (wα((n1 . . . nd)1/2ξn, δ) > a) = P (wα(Wd, δ) > a) (3.5)
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for each continuity point a of distribution function of the random variable
wα(Wd, δ). Since paths of Wd lie in Ho

α([0, 1]d),

P (wα(Wd, δ) > t)→ 0 as δ → 0. (3.6)

Thus oscillations of process π(n)−1/2ξn should be small. Recall that ξn(k/n) =
Sk. For arbitrary δ > 0 and n such that |1/n| = m(n)−1 < δ, we have

P
(
wα((n1 . . . nd)−1/2ξn, δ) > t

)
≥ P

(
(n1 . . . nd)−1/2 max

|k−l
n
|=| 1

n
|

‖Sk − Sl‖
|(k − l)/n|α > t

)
.

On the other hand since

Xk = ∆(1)
k1 . . .∆

(d)
kd
Sk,

we get

‖Xk‖ =

∥∥∥∥∥∥∆(1)
k1

∑
i∈I

εiSi

∥∥∥∥∥∥ ≤
∥∥∥∥∥∥
∑
i∈I

∆(1)
k1 Si

∥∥∥∥∥∥
where εi = ±1 and I is some apropriate subset of [0,n] ∩ Nd with 2d−1

elements. Thus

max
1≤k≤n

‖Xk‖
n−α1

≤ 2d−1 max
|k−l

n
|=| 1

n
|

‖Sk − Sl‖
|(k − l)/n|α .

Now with p = (1/2− α)−1

P

(
(n1 . . . nd)−1/2 max

1≤k≤n

‖Xk‖
n−α1

> t

)
= P

(
n
−1/p
1 n

−1/2
2 . . . n

−1/2
d max

1≤k≤n
‖Xk‖ > t

)
and we see that (3.6) gives us

n
−1/p
1 n

−1/2
2 . . . n

−1/2
d max

1≤k≤n
‖Xk‖

Pr−−−−−−→
m(n)→∞

0. (3.7)
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If we assume that {Xk, k ≤ n} are independent and identically distributed,
we have for each t > 0

P
(
n
−1/p
1 n

−1/2
2 . . . n

−1/2
d max

1≤k≤n
‖Xk‖ > t

)
=

= 1−
(
1− P

(
‖X1‖ > tn

1/p
1 n

1/2
2 . . . n

1/2
d

))n1n2...nd

. (3.8)

Thus (3.7) is equivalent to

n1 · · ·ndP
(
‖X1‖ > n

1/p
1 n

1/2
2 · · ·n

1/2
d

)
−−−−−−→

m(n)→∞
0. (3.9)

Note that (3.7) is as well equivalent to

π(n)P
(
‖X1‖ > n1/p

m π(n−m)1/2
)
−−−−−−→

m(n)→∞
0, (3.10)

for any m ∈ {2, . . . , d}.

3.1.3 Tightness
In this subsection we prove the tightness of summation process π(n)−1/2ξn
in the space Ho

α([0, 1]d) for the mean-zero i.i.d. collection of random variables
{Xj , j ∈ Nd}. We use tightness criteria, theorem 5, so we have to check
two conditions. The first about asymptotic tightness of the net ξn at each
point t readily follows from finite-dimensional convergence, which requires
that E ‖X1‖2 <∞.

Recalling the estimate (2.34) from the section 2.1.3 and the relation (1.4)
from the section 1.2.3 it follows that

lim
J→∞

lim sup
m(n)→∞

P (sup
j≥J

2αj max
v∈Vj
|λj,v(π(n)−1/2ξn)| > ε) = 0

holds if
nαmπ(n)−1/2Z(m)

n
Pr−−−−−→

m(n)→∞
0 (3.11)

and

lim
J→∞

lim sup
m(n)→∞

P
(

max
J≤j≤logn1

2αjπ(n)−1/2 max
0≤k<2j

ψn(tk+1, tk) > ε′
)

= 0 (3.12)
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hold for each m = 1, . . . , d. It turns out that condition

π(n)P
(
‖X1‖ > n1/p

m π(n−m)1/2
)
−−−−−−→

m(n)→∞
0, m = 1, . . . , d, (3.13)

is sufficient for (3.11) and (3.12) to hold. Since (3.13) ensures that E ‖X1‖2 <
∞, then condition (3.13) alone is sufficient for tightness of summation process
π(n)1/2ξn.

Proof of (3.11)

We prove (3.11) for m = 1, since the proof is the same for other m. For this
reason we drop superscript (1) from Zn. Note first that really

Zn = max
1≤k≤n

∥∥∥∥∥∥
k2∑
i2=1

. . .
kd∑
id=1

X(k1,i2,...,id)

∥∥∥∥∥∥ .
Fix ε > 0 and associate to any δ ∈ (0, 1) the truncated random variables X̃j

and X ′j defined as

X̃j := Xj1
(
‖Xj‖ ≤ δn

1/p
1 (n2 . . . nd)1/2

)
,

X ′j := X̃j − E X̃j , 1 ≤ j ≤ n.

Substituting Xj by X̃j , respectively X ′j , in the definition of Zn we obtain Z̃n,
respectively Z ′n. Introducing the complementary events

En :=
{
∀k ≤ n, ‖Xk‖ ≤ δn

1/p
1 (n2 . . . nd)1/2

}
, Ec

n := Ω \ En,

we have

P (Zn > εn
1/p
1 (n2 . . . nd)1/2) ≤ P ({Zn > εn

1/p
1 (n2 . . . nd)1/2} ∩ En) + P (Ec

n).

Clearly Zn = Z̃n on the event En. By identical distribution of the Xk’s,

P (Ec
n) ≤ n1 . . . ndP (‖X1‖ > δn

1/p
1 (n2 . . . nd)1/2)
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and this upper bound goes to zero when m(n) goes to infinity by condition
(3.13). This leads to

lim sup
m(n)→∞

P (Zn > εn
1/p
1 (n2 . . . nd)1/2)

≤ lim sup
m(n)→∞

P (Z̃n > εn
1/p
1 (n2 . . . nd)1/2). (3.14)

Because n−1/p
1 (n2 . . . nd)1/2‖E X̃1‖ → 0 as m(n) → ∞ by lemma 23, the

right-hand side of (3.14) does not exceed

lim sup
m(n)→∞

P (n−1/p
1 (n2 . . . nd)−1/2Z ′n > ε).

Using the extension of Doob inequality (1.12), we obtain with q > p

P (n−1/p
1 (n2 . . . nd)−1/2Z ′n > ε)

≤ n1 P

 max
12:d≤k2:d≤n2:d

∥∥∥∥∥
k2:d∑

i2:d=12:d

X ′(1,i2,...,id)

∥∥∥∥∥ > εn
1/p
1 (n2 . . . nd)1/2


≤ ε−qn

1−q/p
1 (n2 . . . nd)−q/2E

∥∥∥∥∥
n2:d∑

i2:d=12:d

X ′(1,i2,...,id)

∥∥∥∥∥
q

.

Applying Rosenthal inequality (1.10) together with the estimates (3.34),
(3.35), provided in subsection 3.1.5 below, we obtain

P (n−1/p
1 (n2 . . . nd)−1/2Z ′n > ε)

≤ ε−qn
1−q/p
1 (n2 . . . nd)−q/2Cq

(
(n2 . . . nd)q/2(E ‖X ′1‖2)q/2

+ n2 . . . ndE ‖X ′1‖q
)

≤ Cqε
−q
(
n

1−q/p
1 (E ‖X1‖2)q/2 + 2q+1cp,m

q − p
δq−p

)
.

Combined with (3.14) this gives

lim sup
m(n)→∞

P (n−1/p
1 (n2 . . . nd)−1/2Zn > ε) ≤ cδq−p,

where the constant c depends on ε, p and q. Since q > p and δ may be
choosen arbitrarily small in (0, 1), the convergence (3.11) follows.
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Proof of (3.12)

Again we give the proof form = 1 and subsequently drop the superscript. For
notational simplification, let us agree to denote by ε′ the successive splittings
of ε, i.e. ε′ = cε where the constant c ∈ (0, 1) may decrease from one
formula to following one. Notations ψ̃n(tk+1, tk) and ψ′n(tk+1, tk) mean that
Xj are substituted by X̃j and X ′j respectively in the definition of ψn(tk+1, tk).
Accordingly we introduce the notations P̃ (J,n; ε′) and P ′(J,n; ε′) where

P (J,n; ε) = P
(

max
J≤j≤logn1

2αjπ(n)−1/2 max
0≤k<2j

ψn(tk+1, tk) > ε′
)

(3.15)

Splitting Ω in complementary events

En :=
{
∀k ≤ n, ‖Xk‖ ≤ δn

1/p
1 (n2 . . . nd)1/2

}
, Ec

n := Ω \ En,

like in previous subsection we obtain

P (J,n; ε′) ≤ P̃ (J,n; ε) + n1 . . . ndP (‖X1‖ ≥ δn
1/p
1 (n2 . . . nd)1/2).

Then (3.12) is reduced by condition (3.13) to

lim
J→∞

lim sup
m(n)→∞

P̃ (J,n; ε′) = 0. (3.16)

The number of variables X̃k to be centered in the sum ψ̃n(tk+1, tk) is at most
n1(tk+1 − tk)n2 . . . nd ≤ n12−Jn2 . . . nd and (3.32) yields

max
J≤j≤logn1

2αj(n1 . . . nd)−1/2‖E X̃1‖ ≤ n
α−1/2
1 (2δ1−pcp,m)n1/p−1

1 (n2 . . . nd)−1

= 2δ1−pcp,m(n1 . . . nd)−1.

Therefore

lim sup
m(n)→∞

max
J≤j≤logn1

2αj(n1 . . . nd)−1/2n12−Jn2 . . . nd‖E X̃1‖ ≤ δ1−pcp2−J+1.

This upper bound going to zero when J goes to infinity, (3.16) is reduced to

lim
J→∞

lim sup
m(n)→∞

P ′(J,n; ε′) = 0. (3.17)
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We have with q > p

P ′(J,n; ε′) ≤
logn1∑
j=J

P
(
2αj(n1 . . . nd)−1/2 max

0≤k<2j
ψ′n(tk+1, tk) > ε′

)

≤
logn1∑
j=J

2qαj(n1 . . . nd)−q/2ε′−q2jEψ′n(tk+1, tk)q. (3.18)

Denote uk = [n1tk] and observe that uk+1 − uk ≤ n12−j. By (1.12),

Eψ′n(tk+1, tk)q ≤ E

∥∥∥∥∥∥
uk+1∑

i1=1+uk

n2:d∑
i2:d=12:d

X ′i

∥∥∥∥∥∥
q

.

Estimating this last q-moment by Rosenthal inequality (1.10) with a number
of summands N ≤ (n12−j)n2 . . . nd, we obtain

Eψ′n(tk+1, tk)q ≤ Cq

(
(n12−j)q/2(n2 . . . nd)q/2E ‖X ′1‖2 + n12−jn2 . . . ndE ‖X ′1‖q

)
≤ CqE ‖X1‖22−jq/2(n1 . . . nd)q/2

+ 2q+1Cqcp,m
q − p

δq−p2−jnq/p1 (n2 . . . nd)q/2.

Reporting this estimate into (3.18) we obtain

P ′(J,n; ε′) ≤ Σ1(J,n; ε′) + Σ2(J,n; ε′)

with Σ1 and Σ2 explicited and bounded as follows. First

Σ1(J,n; ε′) := Cq
ε′q

E ‖X1‖2 ∑
J≤j≤logn1

2(1+q(α−1/2))j

≤ Cq
ε′q

E ‖X1‖2
∞∑
j=J

2−(q/p−1)j

= Cq
ε′q

E ‖X1‖2 2−(q/p−1)J

1− 2−(q/p−1) .

Hence
lim
J→∞

lim sup
m(n)→∞

Σ1(J,n; ε′) = 0.
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Next

Σ2(J,n; ε′) := 2q+1Cqcp,m
(q − p)ε′q δ

q−pn−qα1
∑

J≤j≤logn1

2jqα

≤ 2q+1Cqcp,m
(q − p)ε′q δ

q−pn−qα1
nqα1

2qα − 1 .

Noting that m = m(n) and lim supm→∞ cp,m = cp, we obtain

lim sup
m(n)→∞

Σ2(J,n; ε′) ≤ 2q+1Cqcp
(q − p)(2qα − 1)ε′q δ

q−p.

Recalling (3.15) and summing up all the successive reductions leads to

lim sup
J→∞

lim sup
m(n)→∞

P (J,n; ε) ≤ 2q+1Cqcp
(q − p)(2qα − 1)ε′q δ

q−p.

Since P (J,n; ε) does not depend on δ which may be choosen arbirarily small,
the left-hand side is null and this gives (3.12).

3.1.4 Corollaries
We state now the invariance principle in the space Ho

α([0, 1]d).

Theorem 20 For 0 < α < 1/2, set p = p(α) := 1/(1/2 − α). For d ≥ 2,
let {Xi; i ∈ Nd, i ≥ 1} be an i.i.d. collection of square integrable centered
random elements in the separable Hilbert space H and ξn be the summation
process defined by

ξn(t) =
∑
i≤n

π(n)
∣∣∣∣∣
[
i− 1
n

,
i

n

)
∩ [0, t]

∣∣∣∣∣Xi. (3.19)

Let W be a H-valued Brownian sheet with the same covariance operator as
X1. Then the convergence

π(n)−1/2ξn
Hoα([0,1]d)−−−−−−→
m(n)→∞

W (3.20)

holds if and only if

π(n)P
(
‖X1‖ > n1/p

m π(n−m)1/2
)
−−−−−−→

m(n)→∞
0, (3.21)

for m = 1, . . . , d.
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Proof. It is really nothing left to prove, since necessity is proved in subsection
3.1.2, the convergence of finite-dimensional distributions follow since (3.21)
ensures that E ‖X1‖2 <∞ and tightness is proved in subsection 3.1.3. �

Though condition (3.21) looks rather technical it turns out that it is
equivalent to the finiteness of the weak p-moment of X1, i.e.

sup
t>0

tpP (‖X1‖ > t) <∞. (3.22)

We prove this for m = 1 as the proof is the same for all m. Note that (3.21)
is equivalent to

vp1(v2 · · · vd)2P
(
‖X1‖ > v1v2 · · · vd

)
−−−−−−→

m(v)→∞
0 (3.23)

and in return (3.23) is equivalent to the convergence

F (m) −−−→
m→∞

0, (3.24)

where
F (m) := sup

m(v)≥m
vp1(v2 · · · vd)2P

(
‖X1‖ > v1v2 · · · vd

)
.

Now introducing the function g(t) := P (‖X1‖ > t) and the sets

Ht,m := {v ∈ Rd; v ≥ m, v1v2 · · · vd = t},

we have

F (m) = sup
t≥md

sup
v∈Ht,m

vp−2
1 t2g(t) = sup

t≥md
t2g(t) sup

v∈Ht,m
vp−2

1 .

When t ≥ md, Ht,m is non empty and on this set, v1 = t(v2 · · · vd)−1 is
maximal for v2 = · · · = vd = m, so

t2g(t) sup
v∈Ht,m

vp−2
1 = tpg(t)m−(d−1)(p−2).

Finally
F (m) = m−(d−1)(p−2) sup

t≥md
tpg(t).

Recalling that d > 1 and p > 2, this reduces the convergence (3.24) to the
finiteness of supt≥md0 t

pg(t) for some m0 > 0. As tpg(t) is bounded on any
interval [0, a] for a < ∞, this finiteness is equivalent to (3.22). Thus we
proved the following theorem.
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Theorem 21 The convergence

π(n)−1/2ξn
Hoα([0,1]d)−−−−−−→
m(n)→∞

W

holds if and only if

sup
t>0

tp(α)P (‖X1‖ > t) <∞, p(α) = (1/2− α)−1.

As condition (3.22) is weaker than E ‖X1‖p <∞, then theorem 20 improves
when H = R, Erickson’s [13] result for Qd:

(n1 · · ·nd)−1/2ξn
Hoα([0,1]d)−−−−−−→
m(n)→∞

W,

if 0 < α < 1/2 and E |X1|q <∞, where q > dp(α).
Considering the convergence of random fields (ξn,n ∈ Nd) along the fixed

path n = (n, . . . , n) ∈ Nd, n ∈ N we obtain the following result.

Theorem 22 The convergence

n−d/2ξ(n,...,n)
Hoα([0,1]d)−−−−−−→
n→∞

W (3.25)

holds if and only if

lim
t→∞

t
2d

d−2αP (‖X1‖ > t) = 0. (3.26)

Proof. Looking back at the proofs in previous subsections and having in
mind the extra assumption that n1 = n2 = · · · = nd = n, it should be clear
that the weak Ho

α([0, 1]d) convergence of n−d/2ξ(n,...,n) to W is equivalent to
the condition obtained by reporting this equality of the ni’s in (3.9), namely
to

ndP
(
‖X1‖ > n1/p+(d−1)/2

)
−−−−→
n→∞

0. (3.27)

It is easily checked that in (3.27) the integer n can be replaced by a positive
real number s and then puting t = s1/p+(d−1)/2, we obtain the equivalence of
(3.27) with

lim
t→∞

t
2pd

2+p(d−1)P
(
‖X1‖ > t

)
= 0. (3.28)

Finally recalling that p = p(α) = 2/(1− 2α), we get

2pd
2 + p(d− 1) = 2d

d− 2α,
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which reported in (3.28) gives (3.26) and completes the proof. �
Since 2d/(d − 2α) < 2d/(d − 1) we see that E ‖X1‖2d/(d−1) < ∞ yields

(3.26). In particular E ‖X1‖4 < ∞ gives the convergence (3.25) for any
d ≥ 2 and any 0 < α < 1/2. This contrasts with the corresponding result for
Hölder convergence of the usual Donsker-Prokhorov polygonal line processes
where necessarily E |X1|q <∞ for any q < p(α) as follows from (24).

Of course, Theorem 22 is only a striking special case and similar results
can be obtained adapting the proof of Theorem 20 for summation processes
with index going to infinity along some various paths or surfaces.

As passing from n to n+1 brings O(nd−1) new summands in the summa-
tion process of Theorem 22, one may be tempted to look for similar weakening
of the assumption in the Hölderian FCLT for d = 1, when restricting for sub-
sequences. In fact even so, the situation is quite different: it is easy to see
that for any increasing sequence of integers nk such that supk≥1 nk+1/nk <∞,
the convergence to zero of np(α)

k P (|X1| > nk) when k tends to infinity im-
plies (24). As np(α)

k P (|X1| > nk) = o(1) is a necessary condition for (ξnk)k≥1
to satisfy the FCLT in Ho

α([0, 1]d) when d = 1, there is no hope to obtain this
FCLT for (ξnk)k≥1 under some condition weaker than (24).

3.1.5 Truncated variables
In this subsection we complete the technical details about the estimates of
moment of truncated variables used above. Such estimates are obtained
under the assumption:

n1 · · ·ndP
(
‖X1‖ > n

1/p
1 n

1/2
2 · · ·n

1/2
d

)
−−−−−−→

m(n)→∞
0. (3.29)

Let δ ∈ (0, 1) be an arbitrary number. Define

X̃j := Xj1
(
‖Xj‖ ≤ δn

1/p
1 (n2 . . . nd)1/2}

)
, (3.30)

X ′j := X̃j − E X̃j , 1 ≤ j ≤ n. (3.31)

Though we give the proof for (3.30) definition of truncated variable, the
estimates hold for any permutation of indexes 1, . . . , d in (3.30) combined
with the same permutation in (3.29).

Denote for m ≥ 0

c(m) := sup
u≥m

sup
v2:d≥m

uv2 . . . vdP (‖X1‖ > u1/p(v2 . . . vd)1/2)

cp := sup
t≥0

td/(d/2−α)P (‖X1‖ > t).
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Evidently condition (3.29) yields c(m)→ 0 as m→∞ and cp <∞. Set

cp,m := max{cp; c(m)}.

Lemma 23 With m = m(n) and any q > p

‖E X̃1‖ ≤ 2δ1−pcp,mn
1/p−1
1 (n2 . . . nd)−1/2; (3.32)

E ‖X̃1‖q ≤
2cp,m
q − p

δq−pn
q/p−1
1 (n2 . . . nd)q/2−1; (3.33)

E ‖X ′1‖2 ≤ E ‖X1‖2; (3.34)

E ‖X ′1‖q ≤
2q+1cp,m
q − p

δq−pn
q/p−1
1 (n2 . . . nd)q/2−1. (3.35)

Proof. To check (3.32), we observe first that since EX1 = 0,

‖E X̃1‖ = ‖EX1 − EX11
(
‖X1‖ > δn

1/p
1 (n2 . . . nd)1/2

) ∥∥∥
≤
∫ ∞
δn

1/p
1 (n2...nd)1/2

P (‖X1‖ > t) dt

+ δn
1/p
1 (n2 . . . nd)1/2P

(
‖X1‖ > δn

1/p
1 (n2 . . . nd

)1/2
).

Next we have ∫ ∞
δn

1/p
1 (n2...nd)1/2

P (‖X1‖ > t) dt

= δn
1/p−1
1 (n3 . . . nd)−1/2

∫ ∞
n

1/2
2

v2n1n3 . . . nd

P (‖X1‖ > δvn
1/p
1 (n3 . . . nd)1/2) dv

v2

≤ δn
1/p−1
1 (n3 . . . nd)−1/2b(m, δ)

∫ ∞
n

1/2
2

v−2 dv

≤ δb(m, δ)n1/p−1
1 (n2 . . . nd)−1/2,

where

b(m, δ) := sup
u≥m

sup
v2:d≥m

uv2 . . . vdP (‖X1‖ > δu1/p(v2 . . . vd)1/2).
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We complete the proof of (3.32) noting that

b(m; δ) = δ−p sup
u≥δpm

sup
v2:d≥m

uv2 . . . vdP (‖X1‖ > u1/p(v2 . . . vd)1/2)

= δ−p max
{

sup
m≥u≥δpm

sup
v2:d≥m

uv2 . . . vdP (‖X1‖ > u1/p(v2 . . . vd)1/2);

sup
u≥m

sup
v2:d≥m

uv2 . . . vdP (‖X1‖ > u1/p(v2 . . . vd)1/2)
}

≤ δ−pcp,m, (3.36)

since

sup
u≤m

sup
v2:d≥m

uv2 . . . vdP (‖X1‖ > u1/p(v2 . . . vd)1/2)

≤ sup
u≤m

sup
v2:d≥m

uv2 . . . vdcp(u1/p(v2 . . . vd)1/2)−d/(d/2−α)

= cp sup
u≤m

u2α(d−1)/(d−2α) sup
v2:d≥m

(v2 . . . vd)−2α/(d−2α) = cp.

Next we have

E ‖X̃1‖q ≤
∫ δn

1/p
1 (n2...nd)1/2

0
tq−1P (‖X1‖ > t) dt

=
∫ δ(n2...nd)1/2

0
tq−1P (‖X1‖ > t) dt

+
∫ δn

1/p
1 (n2...nd)1/2

δ(n2...nd)1/2
tq−1P (‖X1‖ > t) dt.

By Chebyshev inequality P (‖X1‖ > t) ≤ t−2, hence the first integral does not
exceed (q − 2)−1δq−2(n2 . . . nd)q/2−1. As

∫ n1/p
1

1 ≤ n
q/p−1
1 , the second integral

does not exceed

δq(n2 . . . nd)q/2−1
∫ n

1/p
1

1
n2 . . . ndu

pP (‖X1‖ > δu(n2 . . . nd)1/2)uq−p−1 du

≤ δq(n2 . . . nd)q/2−1 sup
v2:d≥m

sup
1≤u≤n1

uv2 . . . vdP (‖X1‖ > δu1/p(v2 . . . vd)1/2)nq/p−1
1

≤ 1
q − p

max{b′(m, δ); b(m; δ)}δqnq/p−1
1 (n2 . . . nd)q/2−1,
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where

b′(m, δ) := sup
v2:d≥m

sup
1≤u≤m

uv2 . . . vdP (‖X1‖ > δu1/p(v2 . . . vd)1/2)

≤ δ−2d/(d/2−α)cp ≤ δ−pcp,

recalling that 0 < δ < 1 and p = (1/2 − α)−1. Accounting (3.36) inequality
(3.33) now follows.

To check (3.34), let us denote by (ek, k ∈ N) some orthonormal basis of
the separable Hilbert space H. Then we have

‖X ′1‖2 =
∞∑
k=0

∣∣∣〈X̃1 − E X̃1, ek〉
∣∣∣2 =

∞∑
k=0

∣∣∣〈X̃1, ek〉 − E 〈X̃1, ek〉
∣∣∣2 ,

whence

E ‖X ′1‖2 =
∞∑
k=0

Var(〈X̃1, ek〉) ≤
∞∑
k=0

E
∣∣∣〈X̃1, ek〉

∣∣∣2
= E

∞∑
k=0

∣∣∣〈X̃1, ek〉
∣∣∣2 = E ‖X̃1‖2 ≤ E ‖X1‖2,

which gives (3.34).
Finally we note that (3.35) is obviously obtained from (3.33) since the con-

vexity inequality ‖X ′1‖q ≤ 2q−1‖X̃1‖q+2q−1‖E X̃1‖q together with E ‖X̃1‖ ≤
(E ‖X̃1‖q)1/q gives E ‖X ′1‖q ≤ 2qE ‖X̃1‖q. �

3.2 Triangular array

3.2.1 Finite dimensional distributions
In this subsection we find the limits of finite-dimensional distributions of
process Ξn. We show that the convergence to Brownian sheet is only a
special case. In general case the limiting process is Gaussian, if the limit
exists, but that is not always the case. As in the i.i.d. case we show that it is
more convenient to analyze the jump version Zn of process Ξn. Then we give
some examples for which convergence to the Brownian sheet fails. Finally
we give the conditions and assumptions, under which the finite-dimensional
distributions converge to some Gaussian process.

Recall definitions B(k) and bl(kl) from equations (2.41) and (2.42) in the
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section 2.2.1. Define then the jump process as

Zn(t) =
∑

1≤k≤kn

1 (B(k) ∈ [0, t])Xn,k.

The following result holds.

Lemma 24 Assume

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞. (3.37)

Then

E |Ξn(t)− Zn(t)|2 → 0, as m(n)→∞ (3.38)

and subsequently

|Ξn(t)− Zn(t)| P−→ 0, as m(n)→∞.

Proof. For each t we have

|Ξn(t)− Zn(t)| =
∑

1≤k≤kn

αn,kXn,k,

where

αn,k = |Qn,k|−1|Qn,k| − 1{B(k) ∈ [0, t]}.

Now |αn,k| < 1, and vanishes if Qn,k ⊂ [0, t], or Qn,k ∩ [0, t] = ∅. Actually
αn,k 6= 0 if and only if k ∈ I, where I is defined as

I := {i ≤ n; ∀k ∈ {1, . . . , d}, ik ≤ bk(uk(tk) + 1) and
∃l ∈ {1, . . . , d}, il = bl(ul(tl) + 1)}.

Thus

E |Ξn(t)− ζn(t)|2 =
∑
k∈I

αn,kσ
2
n,k ≤

∑
k∈I

σ2
n,k ≤

d∑
l=1

∆bl(ul(tl) + 1).

Now due to (3.37) we have

E |Ξn(t)− Zn(t)|2 → 0, as m(n)→∞,

which coupled with the estimate P (|Y | > r) ≤ r−2E |Y |2, for any random
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variable Y gives us

|Ξn(t)− Zn(t)| P−→ 0, as m(n)→∞. �

The condition (3.37) ensures that the grid gets thinner and thinner as m(n)
approach the infinity. It is more restrictive than the condition of asymptotic
negligibility. Define now

µn(t) =
∑

1≤k≤kn

1{B(k) ∈ [0, t]}σ2
n,k. (3.39)

It is clear that µn(t) = EZn(t)2. If the limiting finite-dimensional distribu-
tions of Zn were those of Brownian sheet, then µn(t) would converge to π(t)
for each t. Consider the following example of triangular array.

Example 1 For n = (n, n) and kn = (2n, 2n) take Xn,k = an,kYk, with
{Yk,k ≤ kn} i.i.d. random variables with standard normal distribution, and

a2
n,k =


1

10n2 , for k ≤ (n, n)
3

10n2 , otherwise.
(3.40)

Thus defined triangular array satisfies the condition (3.37), but simple alge-
bra shows that for such an array

µn(t)→ ν(t) := 1
10

(
5
2t1 ∧ 1

)(
5
2t2 ∧ 1

)
+ (5t1 − 2) ∨ 0

10

(
5
2t2 ∨ 1

)

+(5t2 − 2) ∨ 0
10

(
5
2t1 ∨ 1

)
+

(
(5t1 − 2) ∨ 0

)(
(5t2 − 2) ∨ 0

)
30 .

Furthermore for the following example µn(t) does not converge for any t.

Example 2 For n = (n, n) and kn = (n, n) take Xn,k = bn,kYk with
{Yk,k ≤ kn} i.i.d. random variables with standard normal distribution, and

b2
n,k =

π(kn)−1, for n = (2l − 1, 2l − 1), l ∈ N
a2
n,k, for n = (2l, 2l), l ∈ N

where an,k are defined as in (3.40).

Nevertheless we can get some fruitful results by making following assumption.
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Assumption 1 There exists a function µ : [0, 1]d → R such that

∀t ∈ [0, 1]d, lim
m(n)→∞

µn(t) = µ(t). (3.41)

With this assumption we can state the following result whose proof is post-
poned for a while.

Theorem 25 Given assumption 1 there exists a Gaussian process {G(t), t ∈
[0, 1]d} with covariance function EG(t)G(s) = µ(t ∧ s). Furthermore if

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞ (3.42)

and for every ε > 0

lim
m(n)→∞

∑
1≤k≤kn

EX2
n,k1{|Xn,k| ≥ ε} = 0, (3.43)

then for any collection of m points t1, . . . , tm ∈ [0, 1]d

(Zn(t1), . . . , Zn(tm)) D−→ (G(t1), . . . , G(tm)).

For the process Ξn, the following theorem holds.

Theorem 26 If there exists a function µ : [0, 1]d → R such that

∀t ∈ [0, 1]d, lim
m(n)→∞

E Ξ2
n(t) = µ(t) (3.44)

and

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞ (3.45)

and for every ε > 0

lim
m(n)→∞

∑
1≤k≤kn

EX2
n,k1{|Xn,k| ≥ ε} = 0, (3.46)

then given any collection of m points t1, . . . , tm ∈ [0, 1]d

(Ξn(t1), . . . ,Ξn(tm)) D−→ (G(t1), . . . , G(tm)),

where G is a Gaussian process satisfying EG(t)G(s) = µ(t ∧ s) for t, s ∈
[0, 1]d.
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Proof. Since (3.45) is satisfied lemma 24 gives us

|E Ξ2
n(t)− EZ2

n(t)|
P−→ 0, as m(n)→∞,

thus the limits µ(t) in (3.41) and (3.44) coincide. The theorem 25 then gives
us the existence of the process G and the same theorem combined again with
lemma 24 gives us the proof. �

For triangular arrays with certain variance structure, the limiting process
is always a Brownian sheet. Take double indexed triangular array {Xn,ij, 1 ≤
i ≤ In, 1 ≤ j ≤ Jn} with EX2

n,ij = aibj, where ai, bj > 0 and∑ ai = 1 = ∑
bj.

Recalling notations (2.41) we get

b1(k) =
k∑
i=1

ai, b2(l) =
l∑

j=1
bj

so our grid rectangle is now

Qn,kl =
[ k−1∑
i=1

ai,
k∑
i=1

ai,
)
×
[ l−1∑
j=1

bj,
l∑

j=1
bj,
)
.

We see that grid points on x-axis are defined only by ai and on y-axis by bj.
Now the variance of jump process in this case will be

µn(t) =
In∑
i=1

Jn∑
j=1

1

( i∑
k=1

ak,
j∑
l=1

bl

)
∈ [0, t1]× [0, t1]

 aibj
=

In∑
i=1

1
(

i∑
k=1

ak ∈ [0, t1]
)
ai

Jn∑
j=1

1

 j∑
l=1

bl ∈ [0, t2]
 bj

and if we assume the condition (3.45) which in this case translates to

max
1≤i≤In

ai → 0, max
1≤j≤Jn

bj → 0,

we see that

µn(t)→ t1t2,

which is the variance of Brownian sheet. Thus assuming the Lindeberg condi-
tion (3.46), theorem 25 implies that limiting finite-dimensional distributions
in this case are those of Brownian sheet.
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Proof of theorem 25

Define

g(t, s) = lim
m(n)→∞

µn(t ∧ s).

If we prove that g(t, s) is positive definite, then the existence of zero mean
Gaussian process {G(t), t ∈ [0, 1]d} with covariance function EG(t)G(s) =
g(t, s) is ensured by theorem 7. Take p ∈ N, v1, . . . , vp ∈ R and t1, . . . , tp ∈
[0, 1]d. Note that for any t, s, r ∈ [0, 1]d we have

1{r ∈ [0, t ∧ s]} = 1{r ∈ [0, t] ∩ [0, s]} = 1{r ∈ [0, t]}1{r ∈ [0, s]}. (3.47)

Then
p∑
i=1

p∑
j=1

viµn(ti ∧ tj)vj =
p∑
i=1

p∑
j=1

vivj
∑
k≤kn

1{Bn(k) ∈ [0, ti ∧ tj]}σ2
n,k

=
∑
k≤kn

σ2
n,k

( p∑
i=1

vi1{Bn(k) ∈ [0, ti]}
)2

≥ 0.

Since this holds for each n, taking the limit as m(n)→∞ gives the positive
definiteness of g(t, s). So the first part of the theorem is proved.

Now fix t1, . . . , tr ∈ [0, 1]d and v1, . . . , vr real, and set

Vn =
r∑
p=1

vjZn(tp) =
∑

1≤k≤kn

αn,kXn,k,

where

αn,k =
r∑
p=1

vp1 (B(k) ∈ [0, tp]) .

Now using (3.47) we get

bn := EV 2
n =

∑
k≤kn

α2
n,kσ

2
n,k

=
∑
k≤kn

∑
p

∑
q

vpvq1 (B(k) ∈ [0, tp]) 1 (B(k) ∈ [0, tq])σ2
n,k

=
∑
p

∑
q

vpvqµn(tp ∧ tq).
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Letting m(n) tend to infinity and using assumption 1, we obtain

bn −−−−−→
m(n)→∞

∑
p

∑
q

vpvqµ(tp ∧ tq) = E
(∑

vpG(tp)
)2

=: b.

If b = 0, then Vn converges to zero in distribution since EV 2
n tends to

zero. In this special case we also have ∑p vpG(tp) = 0 almost surely, thus the
convergence of finite dimensional distributions holds.

Assume now, that b > 0. For convenience put Yn,k = αn,kXn,k and v =∑
p

∑
q vpvq. Conditions (3.42) and (3.43) ensures that triangular array Xn,j

satisfies the conditions for central limit theorem: infinitesimal negligibility
and Lindeberg condition. The same is true for triangular array {Yn,k}. We
have

Y 2
n,k ≤ vX2

n,k,

thus Yn,k satisfies the condition of infinitesimal negligibility. For m(n) large
enough to have bn > b/2, we get

1
EV 2

n

∑
1≤k≤kn

E
(
Y 2
n,k1{|Yn,k|2 > ε2EV 2

n}
)

≤ 2v
b

∑
1≤k≤kn

E
(
X2
n,k1

{
|Xn,k|2 >

bε2

2v
})
.

Thus Lindeberg condition for Vn is also satisfied and that gives us the con-
vergence of finite dimensional distributions and the proof of the theorem.

3.2.2 Tightness
To prove tightness of process Ξn only certain moment conditions are required.
There is no need for additional variance structure assumptions as proving the
convergence of finite-dimensional distributions. This is quite clear, since due
to results from section 2.2.2 and corollary 6, the process Ξn is tight if

lim
a→∞

P

(
sup
t∈[0,1]d

|Ξn(t)| > a

)
= 0 (3.48)
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and for every ε > 0 and m = 1, . . . , d,

lim
m(n)→∞

P

(
Z(m)
n > ε

)
= 0; (3.49)

lim
J→∞

lim
m(n)→∞

P

(
sup
j≥J

2−jα max
r∈Dj

ψn(r, r−)(m) > ε

)
= 0; (3.50)

lim
J→∞

lim
m(n)→∞

P

(
sup
j≥J

2−jα max
r∈Dj

ψn(r, r+)(m) > ε

)
= 0, (3.51)

recalling respectively the definitions (2.51),(2.50) and(2.52).
Using Doob inequality (1.12) we have

P ( sup
t∈[0,1]d

|Ξn(t)| > a) = P (max
k≤kn

|Sn(k)| > a)

≤ a−2ESn(kn)2 = a−2 → 0, as a→∞,

thus (3.48) is satisfied leaving us with checking (3.49) to (3.51). As the
expressions in the probability involve only sums we can use similar techniques
as in proving tightness of process ξn. We give now two sets of conditions.

Theorem 27 For 0 < α < 1/2, set p(α) := 1/(1/2− α). If

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞. (3.52)

and for some q > p(α)

lim
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k|q = 0, (3.53)

then the net {Ξn,n ∈ N} is asymptotically tight in the space Ho
α([0, 1]d).

Introduce for every τ > 0, the truncated random variables:

Xn,k,τ := Xn,k1{|Xn,k| ≤ τσ2α
n,k}.

Theorem 28 Assume that

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞. (3.54)

and that the following conditions hold.
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(a). For every ε > 0,

lim
m(n)→∞

∑
1≤k≤kn

P (|Xn,k| ≥ εσ2α
n,k) = 0. (3.55)

(b). For every ε > 0,

lim
m(n)→∞

∑
1≤k≤kn

EX2
n,k1{|Xn,k| ≥ ε} = 0. (3.56)

(c). For some q > 1/(1/2− α),

lim
τ→0

lim
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k,τ |q = 0. (3.57)

Then the net {Ξn,n ∈ N} is asymptoticaly tight in the space Ho
α([0, 1]d).

Proof of the theorem 27

We only need to check that (3.52) and (3.53) ensure (3.49), (3.50), (3.51).
We check only the case m = 1, since the proof is the same for other m, thus
in following proofs we drop the superscript m.

Proof of (3.49). Using Markov and Doob (1.12) inequalities for q >
1/(1/2− α) we get

P

(
Zn > ε

)
≤

k1
n∑

k=1
P

(
max

k2:d≤kn,2:d
|∆(1)

k Sn(k)| > ε(∆b1(k))α
)

≤
k1

n∑
k=1

ε−q(∆b1(k))−qαE
(

max
k2:d≤kn,2:d

|∆(1)
k Sn(k)|

)q

≤
k1

n∑
k=1

ε−q(∆b1(k))−qαE |∆(1)
k Sn(kn)|q.

Rosenthal inequality (1.10) gives

P

(
Zn > ε

)
≤ c

k1
n∑

k=1
ε−q(∆b1(k))−qα

(
(∆b1(k))q/2 +

k2
n∑

k2=1
· · ·

kdn∑
kd=1

E |Xn,k|q
)
.

(3.58)
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We have

k1
n∑

k=1
(∆b1(k))q(1/2−α) ≤

(
max

1≤k≤k1
n

∆b1(k)
)q(1/2−α)−1 k1

n∑
k=1

∆b1(k) (3.59)

=
(

max
1≤k≤k1

n

∆b1(k)
)q(1/2−α)−1

→ 0, as m(n)→∞,

due to (3.52) and the fact that q > (1/2− α)−1. Also

k1
n∑

k=1
(∆b1(k))−qα

k2
n∑

k2=1
· · ·

kdn∑
kd=1

E |Xn,k|q =
∑
k≤kn

(∆b1(k1))−qαE |Xn,k|q

≤
∑
k≤kn

σ−2qα
n,k E |Xn,k|q → 0,

as m(n)→∞, due to (3.53), since (∆b1(k1))−qα ≤ σ−2qα
n,k for all 1 ≤ k ≤ kn.

Reporting these estimates to (3.58) we see that (3.52) and (3.53) imply (3.49).
Proof of (3.50) and (3.51). We check only (3.50) since (3.51) is treated

similarly. Define

Π(J,n, ε) = P

(
sup
j≥J

2−jα max
r∈Dj

ψn(r, r−)(m) > ε

)

then

Π(J,n, ε) ≤
∑
j≥J

P (2αj max
r∈Dj

ψn(r, r−) > ε) ≤
∑
j≥J

∑
r∈Dj

ε−q2αjqE |ψn(r, r−)|q.

Doob (1.12) and then Rosenthal (1.9) inequalities give us

Eψn(r, r−)q ≤ E
∣∣∣∣∣ ∑
k2:d≤kn,2:d

( u1(r)∑
k1=u1(r−)+2

Xn,k

)∣∣∣∣∣
q

≤ c

(( u1(r)∑
k1=u1(r−)+2

∑
k2:d≤kn,2:d

σ2
n,k

)q/2

+
u1(r)∑

k1=u1(r−)+2

∑
k2:d≤kn,2:d

E |Xn,k|q
)
.
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Due to definition of u1(r)

u1(r)∑
k1=u1(r−)+2

∑
1≤k2:d≤kn,2:d

σ2
n,k =

u1(r)∑
k1=u1(r−)+2

∆b1(k1) ≤ r − r− = 2−j,

thus

Π(J,n, ε) ≤ c

εq
∑
j≥J

2(qα+1−q/2)j

+ c

εq
∑
j≥J

∑
r∈Dj

2qαj
u1(r)∑

k1=u1(r−)+2

∑
k2:d≤(kn)2:d

E |Xn,k|q. (3.60)

Denote by I(J,n, q) the second sum without the constant cε−q. By changing
the order of summation we get

I(J,n, q) =
∑

1≤k≤kn

E |Xn,k|q
∑
j≥J

2αqj
∑
r∈Dj

1{u1(r−) + 1 < k1 ≤ u1(r)}.

(3.61)

The proof further proceeds as in [29]. Consider for fixed k1 the condition

u1(r−) + 1 < k1 < u1(r). (3.62)

Suppose that there exists r ∈ Dj satisfying (3.62) and take another r′ ∈ Dj.
Since u1 is non decreasing, if r′ < r− we have u1(r′) < u1(r−) + 1 < k, and
thus r′ cannot satisfy (3.62). If r′ > r, then r′− > r, whence k ≤ u1(r) ≤
u1(r′−) < u1(r′−) + 1 and again if follows that r′ cannot satisfy (3.62). Thus
there will exists at most only one r satisfying (3.62). If such r exists we have

r− ≤
u1(r−)+1∑

i=1
∆b1(i) <

k1∑
i=1

∆b1(i) ≤
u1(r)∑
i=1

∆b1(i) ≤ r.

Thus ∆b1(k1) ≤ 2−j. So

∀k1 = 1, . . . , k1
n,
∑
r∈Dj

1{u1(r−) + 1 < k1 ≤ u1(r)} ≤ 1{∆b1(k1) ≤ 2−j}

so
∑
j≥J

2αqj
∑
r∈Dj

1{u1(r−) + 1 < k1 ≤ u1(r)} ≤
2qα

2qα − 1(∆b1(k1))−αq (3.63)
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(we can sum only those j, for which ∆b1(k1) ≤ 2−j, because for larger j, r
and r− will be closer together and will fall in the same Rn,k).

Reporting estimate (3.63) to (3.61) we get

I(J,n, q) ≤ C
∑
k≤kn

(∆b1(k1))−qαE |Xn,k|q ≤
∑
k≤kn

σ−2qα
n,k E |Xn,k|q

and substituting this into inequality (3.60) we get

Π(J,n; ε) ≤ C1ε
−q2−Jqα+1−q/2 + C2

∑
k≤kn

σ−2qα
n,k E |Xn,k|q.

Thus

lim
m(n)→∞

Π(J,n; ε) = 0

follows from (3.53), which gives us the proof of the theorem.

Proof of theorem 28

As in proof of the theorem 27 we check (3.49), (3.50), (3.51) and give a proof
only for case m = 1.

Proof of (3.49) Define:

Sn,τ (k) =
∑

1≤j≤k
Xn,j,τ , Sn,τ (k)′ =

∑
1≤j≤k

(Xn,j,τ − EXn,j,τ )

and

An =
{

max
1≤k≤kn

|Xk| ≤ τσ2α
n,k

}
.

Then we can estimate the probability in (3.49) by

P (Zn > ε) =: P (n, ε) ≤ P1(n, ε, τ) + P (Acn)

where

P1(n, ε, τ) = P

(
max

1≤k≤kn

|∆(1)
k1 Sn,τ (k)|

(∆b1(k1))α
> ε

)
. (3.64)

Due to (3.55) the probability P (Acn) tends to zero so we need only to study
the asymptotics of P1(n, ε, τ).
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Using the splitting

∆(1)
k1 Sn,τ (k) = ∆(1)

k1 S
′
n,τ (k) + E ∆(1)

k1 Sn,τ (k),

let us begin with some estimate of the expectation term, since Xn,k,τ are not
centered.

We have

E |Xn,k,τ | ≤ E 1/2X2
n,kP

1/2(|Xn,k| > τσ2α
n,k).

By applying Cauchy inequality we get

max
1≤k≤kn

|E ∆(1)
k1 Sn,τ (k)|

(∆b1(k1))α
≤ max

1≤k1≤k1
n

∑kn,2:d
k2:d=1 E |Xn,j,τ |
(∆b1(k1))α

≤ max
1≤k1≤k1

n

(∆b1(k1))1/2
(∑kn,2:d

k2:d=1 P (|Xn,k| > τσ2α
n,k)

)1/2

(∆b1(k1))α

≤ max
1≤k1≤k1

n

(∆b1(k1))1/2−α
( ∑

1≤k≤kn

P (|Xn,k| > τσ2α
n,k)

)1/2

.

Due to (3.54) and (3.55) the last expression is bounded by ε/2 for n ≥ n0,
where n0 depends on ε and τ . Thus for n ≥ n0 we have P1(n, ε, τ) ≤
P ′1(n, ε, τ), where

P ′1(n, ε, τ) = P

(
max

1≤k≤kn

|∆(1)
k1 S

′
n,τ (k)|

(∆b1(k1))α
> ε/2

)
. (3.65)

Since

VarXn,k,τ ≤ EX2
n,k,τ ≤ EX2

n,k = σ2
n,k,
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using Markov, Doob and Rosenthal inequalities for q > 1/(1/2− α) we get

P ′1(n, ε, τ) ≤
k1

n∑
k=1

(ε/2)−q(∆b1(k))−qαE |∆(1)
k S ′n,τ (kn)|q

≤ c
k1

n∑
k=1

(ε/2)−q(∆b1(k))−qα
(

(∆b1(k))q/2 +
kn,2:d∑
k2:d=1

E |Xn,k,τ |q
)

≤ c(ε/2)−q
( k1

n∑
k=1

(∆b1(k))q(1/2−α) +
∑

1≤k≤kn

σ−2qα
n,k E |Xn,k,τ |q

)
.

Note that this estimate holds for each τ > 0. Combining all the estimates
we get

∀τ > 0, lim sup
m(n)→∞

P (n, ε) ≤ c lim sup
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k,τ |q.

with the constant c depending only on q. By letting τ → 0 due to (3.57),
(3.49) follows.

Proof of (3.50) and (3.51) We again prove only (3.50) since (3.51) is
treated similarly. Introduce definitions ψn,τ (r, r−) and ψ′n,τ (r, r−) by ex-
changing variables Xn,k with variables Xn,k,τ and X ′n,k,τ := Xn,k,τ −EXn,k,τ

respectively. Define

P (J,n, ε) = P

(
sup
j≥J

2αj max
r∈Dj

ψn(r, r−) > ε

)
.

Similar to the proof of (3.49) we need only to deal with asymptotics of
P1(J,n, ε, τ), where

P1(J,n, ε, τ) = P

(
sup
j≥J

2αj max
r∈Dj

ψn,τ (r, r−) > ε

)
.
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Again we need to estimate the expectation term. We have

sup
j≥J

2αj max
r∈Dj

max
12:d≤k2:d≤kn,2:d

∣∣∣∣∣
u1(r)∑

i=u1(r−)+2
∆(1)
i ESn,τ ((i,k2:d))

∣∣∣∣∣
≤ sup

j≥J
2αj max

r∈Dj

( u1(r)∑
i=u1(r−)+2

∆b1(i)
)1/2( u1(r)∑

i=u1(r−)+2

kn,2:d∑
k2:d=1

P (|Xn,k| > σ2α
n,k)

)1/2

≤ 2J(α−1/2)
( ∑

1≤k≤kn

P (|Xn,k| > σ2α
n,k)

)1/2

.

The last expression is bounded by ε/2 for n ≥ n0, due to (3.55) where n0
depends on ε and τ , but not on J . Thus P1(J,n, ε, τ) ≤ P ′1(J,n, ε, τ), where

P ′1(J,n, ε, τ) := P

(
sup
j≥J

2αj max
r∈Dj

ψ′n,τ (r, r−) > ε/2
)
. (3.66)

Applying the same arguments as in proving (3.60) we get

P ′1(J,n, ε, τ) ≤
c

εq
∑
j≥J

2(qα+1−q/2)j

+ c

εq
∑
j≥J

∑
r∈Dj

2qαj
u1(r)∑

k1=u1(r−)+2

∑
1≤k2:d≤kn,2:d

E |Xn,k,τ |q.

Now using estimate (3.63) we get

P ′1(J,n, ε, τ) ≤ C12(qα+1−q/2)J + C2
∑

1≤k≤kn

σ−2qα
n,k E |Xn,k,τ |q,

where constants C1 and C2 depend on q, α and ε. Note that this inequality
holds for each τ > 0. Combining all the estimates we get

∀τ > 0, lim
J→∞

lim sup
m(n)→∞

P (J,n, ε) ≤ C2 lim sup
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k,τ |q.

By letting τ → 0 due to (3.57), (3.50) follows.

3.2.3 Corollaries
Recalling the results from previous subsections we have the following func-
tional central limit theorem for the summation process Ξn.
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Theorem 29 Suppose there exists a function µ : [0, 1]d → R such that

∀t ∈ [0, 1]d, lim
m(n)→∞

E Ξ2
n(t) = µ(t). (3.67)

For 0 < α < 1/2, set p(α) := 1/(1/2− α). If

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞ (3.68)

and for some q > p(α)

lim
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k|q = 0, (3.69)

then

Ξn
Hoα([0,1]d)−−−−−−→
m(n)→∞

G, (3.70)

where G is a centered Gaussian process satisfying EG(t)G(s) = µ(t∧ s) for
t, s ∈ [0, 1]d.

Proof. We have

∑
1≤k≤kn

EX2
n,k1{|Xn,k| ≥ ε} ≤ 1

εq−2

∑
1≤k≤kn

E |Xn,k|q.

Since σ2
n,k ≤ 1, condition (3.69) ensures that ∑1≤k≤kn

E |Xn,k|q converges to
zero, thus conditions of theorem 26 are satisfied and we have convergence
of finite-dimensional distributions. Furthermore the conditions for theorem
27 are satisfied also, so the process Ξn is asymptotically tight in the space
Ho
α([0, 1]d). The theorem then follows. �
Our motivation for introducing special construction for the collections

of random variables with non-uniform variance was to get one limiting pro-
cess in functional central limit theorem for all possible variance structures of
the collection. It is clear from theorem 29 that this goal was not achieved.
Nevertheless we think that this is an improvement compared to using non-
modified construction. The convergence of process ξn in case of non-uniform
variance was investigated by Goldie and Greenwood [14], [15]. Their focus
was on non-independent variables and although the domain of summation
process was wider, for [0, 1]d their process coincides with ξn. They proved
the convergence to Brownian sheet in case n = (n, . . . , n) in the space of
continuous functions, but naturally their result requires that E ξn(t)→ π(t)
for all t ∈ [0, 1]d, which is the special case of our requirement (3.67). Fur-
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thermore to achieve the convergence they place quite strict conditions on
variances of random variables by requiring that

lim
c→∞

sup
1≤k≤kn

EndX2
n,k1

(
|nd/2Xn,k| > c

)
= 0.

This limit follows from Lindeberg condition if we take EX2
n,k = n−d. Thus

the variances in Goldie-Greenwood case have the additional restriction, which
is unnecessary when using our proposed construction. Furthermore for the
special structure of variances the convergence E Ξn(t) → π(t) is always
satisfied.
Corollary 30 Let σ2

n,k = π(an,k), where {an,k = (a1
n,k1 , . . . , a

d
n,kd

)} is a
triangular array of real vectors satisfying the following conditions for each
i = 1, . . . , d and for all k ≤ kn.

i) ∑kin
k=1 a

i
n,k = 1 with ain,ki > 0.

ii)

max
1≤k≤kin

ain,k → 0, as m(n)→∞.

Then condition (3.69) is sufficient for weak convergence of summation process
Ξn in the space Ho

α([0, 1]d) and the limiting process is then Brownian sheet
W .
Proof. The result follows from theorem 29 if we check that

E Ξ2
n(t)→ π(t), (3.71)

since evidently the condition (3.37) is satisfied. We have

bi(ki) =
ki∑
k=1

ain,k,

thus

1{B(k) ∈ [0, t]} =
d∏
i=1

1{bi(ki) ∈ [0, ti]},

so for jump process Zn we have

EZ2
n(t) =

∑
k≤kn

1{B(t) ∈ [0, t]}σ2
n,k =

d∏
i=1

kin∑
ki=1

1{bi(ki) ∈ [0, ti]}ain,ki .
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But

kin∑
ki=1

1{bi(ki) ∈ [0, ti]}ain,ki =
ui(ti)∑
ki=1

ain,ki → ti,

thus (3.71) holds due to lemma 24 and the result follows. �
The weak convergence of summation process for random variables with

such variance structure was investigated by Bickel and Wichura [5] for case
d = 2. They investigated weak convergence in the space of càdlàg functions.
Naturally the convergence to Brownian sheet was proved.

Since in i.i.d. case we have EX2
n,k = π(kn) this corollary then shows that

theorem 29 is a generalization of invariance principle 20 in case of real valued
random variables. The moment condition (3.69) in i.i.d. case then becomes

lim
m(n)→∞

∑
i≤n
π(n)qαE |Xi/π(n)1/2|q = lim

m(n)→∞
π(n)q(α−1/2)E |X1|q = 0

for some q > 1/2− α and 0 < α < 1/2 which holds whenever E |X1|q < ∞.
Compared to requirement supt>0 t

1/2−αP (|X1| > t) we see that our moment
condition is not optimal, but not very far from optimality. We can further
weaken it by introducing truncated variables

Xn,k,τ := Xn,k1{|Xn,k| ≤ τσ2α
n,k}.

Then following theorem holds.

Theorem 31 Suppose there exists a function µ : [0, 1]d → R such that

∀t ∈ [0, 1]d, lim
m(n)→∞

E Ξ2
n(t) = µ(t). (3.72)

If

max
1≤l≤d

max
1≤kl≤kln

∆bl(kl)→ 0, as m(n)→∞ (3.73)

and following conditions hold:

(a). For every ε > 0,

lim
m(n)→∞

∑
1≤k≤kn

P (|Xn,k| ≥ εσ2α
n,k) = 0; (3.74)
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(b). For every ε > 0,

lim
m(n)→∞

∑
1≤k≤kn

EX2
n,k1{|Xn,k| ≥ ε} = 0; (3.75)

(c). For some q > 1/(1/2− α),

lim
τ→0

lim
m(n)→∞

∑
1≤k≤kn

σ−2qα
n,k E |Xn,k,τ |q = 0; (3.76)

then

Ξn
Hoα([0,1]d)−−−−−→
m(n)→∞

G,

where G is a centered Gaussian process satisfying EG(t)G(s) = µ(t∧ s) for
t, s ∈ [0, 1]d.

Proof. The proof is identical to that of theorem 29. Just notice that the
theorem conditions ensure the conditions of the theorems 28 and 19. �



Chapter 4

Applications

To apply our theoretical results we have to look at the examples where we
can naturally assign multi-dimensional index to random observations. One
of such examples is so called panel or longitudinal data, where a sample of
individuals is observed over some period of time. In this case each observation
has two indexes, one denoting the number of individual and another the
time period at which the individual was observed. For such type of data
all classical statistical problems can be discussed in a view of adjustments
necessary for accomodation of the additional index. We restrict ourselves to
regression and change point problems with the goal of developing the test for
detecting the occurence of the change of the regression coefficient in a given
sample.

We briefly recount the general setting. The classical panel data regression
model which we investigate can be presented as

yit = αi + x′itβ + uit, (4.1)

where i = 1, . . . , N , t = 1, . . . , T , yit is an observation of dependent variable
for individual i at time period t, x′it = [x1it, . . . , xKit] is the K × 1 vector
of observations on the independent variables and uit are zero mean distur-
bances. The classical panel regression problem is to estimate β in a view of
various assumptions on intercepts αi, xit and uit, see for example Baltagi [2],
Hsiao [16]. After estimating β the usual statistical procedure is to test the
goodness-of-fit and the validity of the model assumptions. One of the possi-
ble violations of the validity is that relationship (4.1) holds only for certain
subsample of data, i.e. the true model is

yit =

αi + x′itβ0 + uit, for (i, t) ∈ I,
αi + x′itβ1 + uit, for (i, t) ∈ Ic,

(4.2)

126
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with I ⊂ {1, . . . , N} × {1, . . . , T}. Such violation is called change point
problem. It can also appear for larger class of models, usually in parametric
problems, for more general treatment see Csörgo and Horvath [7]. First test
for detecting the change point in the regression setting was developed by
Brown, Durbin and Evans [6], for testing the model

yt = x′tβ + ut, (4.3)

against the alternative

yt =

x′tβ0 + ut, t = 1, . . . , t0,
x′tβ1 + ut, t = t0 + 1, . . . , T,

(4.4)

where ut are independent standard normal variables. They examined the
cumulative sums of so called recursive regression residuals:

wr = yr − x′rβr−1√
1 + x′r(

∑r−1
k=1 xkx′k)−1xr

,

where βr is the least squares estimate of the model (4.3) calculated using
first r observations. Suitably normalized jump sum process based on these
residuals converges to Brownian motion. For the alternative model (4.4) they
show the wr no longer have zero mean, thus cumulative sum converges to
infinity. The normality restriction was lifted by Sen [38], who proved similar
result for the case of i.i.d. regression errors with finite variance. Ploberger
and Kraämer[23] proved similar result for usual regression residuals. The
limiting process in this case is the Brownian bridge.

All these three results use the same test statistic, the maximum of the
cumulative sum. Since this is also a maximum norm of the jump sum process,
and maximum norm is the continous functional, due to FCLT and continuous
mapping theorem, the statistic converges to maximum of limiting process
(Brownian motion or Brownian bridge) under null hypothesis of no change.

Other types of alternative models are also considered. For epidemic al-
ternative:

yt =

x′tβ0 + ut, t = 1, . . . , t0, t1 + 1, . . . , T
x′tβ1 + ut, t = t0 + 1, . . . , t1,

(4.5)
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Račkauskas [26] proves that it is better to use the statistic

max
1<l<n

1
lα

max
0<k<n−l

|S(k + l)− S(k)− l

n
Sn|,

where S(k) is the cumulative sum of the regression residuals. This statistic
allows testing against shorter epidemics, than the usual maximum test.

In their paper Kao, Trapani and Urga [17] write “Despite the potential
usefulness in economics, the econometric theory of the testing and estimation
of structural changes in panels is still underdeveloped”. Current results focus
on testing the change point in presence of unit roots.

In light of these results we first develop the test against epidemic rect-
angles using techniques from Csörgő and Horvàth [7] and then apply these
tests for panel regression to generalize the results of Ploberger and Krämer.

4.1 Tests for epidemic alternatives

4.1.1 Epidemic rectangles
The question arises of how to generalize epidemic alternatives for multi-
indexed case. In case of panel data where we have interpretation of indexes
as individuals and times several simple scenarios are immediately apparent.

• In some time interval the change occurs for all individuals.

• At the start of observation, the change occurs for certain individuals.

• At the end of observation, the change occurs for certain individuals.

For the moment assume that we are only testing the change of mean. Let
{Xij, 1 ≤ i ≤ n, 1 ≤ j ≤ m} be a sample of panel data. The null hypothesis
of no change then is

(H0) : Xij have all the same mean µ0.
The scenarios we want to test against fall into general setting:

(HA) : There are integers 1 < a∗ ≤ b∗ < n, 1 < c∗ ≤ d∗ < m and a
constant µ1 6= µ0 such that

EXij = µ0 + µ11
(
(i, j) ∈ [a∗, b∗]× [c∗, d∗] ∩ N2

)
.
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Classical log-likelihood statistic from Csörgő and Horvàth [7] for testing
change of a mean in a certain set I (if it is known in advance) is

R = 1√
n

(∑
i∈I

Xi −
|I|
n

n∑
i=1

Xn

)
, (4.6)

where |I| is the cardinality of set I ⊂ {1, . . . , n}. This statistic is suitable
for testing epidemics of size nγ, where γ > 1/2. In order to test shorter
epidemics you have to weight this statistic with some function of |I|.

For two-dimensional setting assume now, that integers a∗, b∗, c∗, d∗ are
known. Define the set

D∗ =
[
a∗

n
,
b∗

n

]
×
[
c∗

m
,
d∗

m

]

and introduce the analog of statistic (4.6)

R =
n∑
i=1

m∑
j=1

Xij1
((

i

n
,
j

m

)
∈ D∗

)
− k∗l∗

nm

n∑
i=1

m∑
j=1

Xij

where k∗ = b∗ − a∗, l∗ = d∗ − c∗. Under hypothesis H0, if Xij are i.i.d. with
finite variance σ2

(nm)−1/2R→ N(0, σ2|D∗|(1− |D∗|))

when n ∧m → ∞. Under alternative hypothesis if {Xij, (i/n, j/m) ∈ D∗}
and {Xij, (i/n, j/m) ∈ [0, 1]2\D∗} are separately i.i.d. but with different
means, we have

(nm)−1/2R = (nm)1/2k
∗l∗

nm

(
1− k∗l∗

nm

)
(µ1 − µ0) +OP (1).

and we see that the statistic will converge to infinity as long as k∗ ≥ C1n
γ

and l∗ ≥ C2m
δ with γ, δ > 1/2 and some positive constants C1, C2.

In order to test shorter epidemics we have to weight the statistic R. One
of the possible weights is diam(D)α, since clearly diam(D)→ 0, as k∗/n→ 0
and l∗/m→ 0 and vice versa.

Let us rewrite the Q = R/ diam(D)α in terms of the summation process.
Denote si = i/n, tj = j/m. Then
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Q = diam(D)−α
 b∗∑
i=a∗+1

d∗∑
j=c∗+1

Xij −
k∗l∗

nm

n∑
i=1

m∑
j=1

Xij


= ∆1

k∗∆2
l∗Sb∗,d∗ − (sb∗ − sa∗)(td∗ − tc∗)Sn,m
max{sb∗ − sa∗ , td∗ − tc∗}α

When a∗, b∗, c∗, d∗ are unknown it is reasonable to replace Q with maximum
over all possible their combinations:

DUI(n,m, α) = max
1≤a<b≤n
1≤c<d≤m

|∆1
b−a∆2

d−cSb,d − (sb − sa)(td − tc)Sn,m|
max{sb − sa, td − tc}α

(4.7)

For n = (n,m) ∈ N2, consider the functionals gn,m defined on Ho
α([0, 1]2) by

gn,m(x) := max
1≤i<j≤n

I(x, i/n, j/n), (4.8)

where

I(x, s, t) =
|∆1

t1−s1∆
2
t2−s2x(t)− (t1 − s1)(t2 − s2)x(1)|

|t− s|α
.

It is clear that

DUI(n,m, α) = gn,m(ξn,m).

The following theorem holds.

Theorem 32 Functionals {gn,m, (n,m) ∈ N2} and g are continuous in the
Hölder space Ho

α([0, 1]2). Furthermore {gn,m, (n,m) ∈ N2} are equicontinuous
and for each x ∈ Ho

α([0, 1]2)

lim
n∧m→∞

gn,m(x) = g(x) (4.9)

where

g(x) := sup
0<s<t<1

I(x, s, t). (4.10)

Proof. To show continuity of functionals gn,m and g and equicontinuity of
family {gn,m, (n,m) ∈ N2} we use lemma 9. Clearly the functional q =
I(·, s, t) satisfies conditions (a) and (b) of lemma 9. Let us check condi-
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tion (c). For all t, s ∈ [0, 1]2

(t1 − s1)(t2 − s2)
|t− s|α

≤ 1.

Thus if t1 − s1 ≤ t2 − s2, then

I(x, s, t) ≤ |x(t1, t2)− x(t1, s2)|
|t2 − s2|α

+ |x(s1, t2)− x(s1, s2)|
|t2 − s2|α

+ x(1, 1)

≤ 2‖x‖α. (4.11)

Similarly if t1 − s1 > t2 − s2

I(x, s, t) ≤ |x(t1, t2)− x(s1, t2)|
|t1 − s1|α

+ |x(t1, s2)− x(s1, s2)|
|t1 − s1|α

+ x(1, 1)

≤ 2‖x‖α. (4.12)

So functional I(·, s, t) satisfies condition (c) with C = 2. Thus the continuity
and equicontinuity follows immediately from (1.7).

For (4.9) it is sufficient to show that the function (s, t) → I(x, s, t) can
be extended by continuity to the compact set T = {(s, t) ∈ [0, 1]4; 0 ≤
s ≤ t ≤ 1}. From (4.11) and (4.12) we get 0 ≤ I(x, s, t) ≤ 2wα(x, |t −
s|)+ |t−s|1−αx(1, 1), which allows continuous extension when t = s putting
I(x, s, s) = 0. �

Functionals gn,m and g satisfy the conditions of lemma 8 thus FCLT for
Xij gives the limiting distribution of statisticDUI(n,m, α). Due to results in
previous sections, the FCLT in the space Ho

α([0, 1]2) holds for the summation
processes based on i.i.d. random variables. Thus we have to strengthen the
null hypothesis:

(H ′0) :Xij are independent identically distributed with mean denoted
by µ0.

For better clarity for any real function x with two dimensional argument
introduce definition

∆[s,t]x := x(t)− x(s1, t2)− x(t1, s2) + x(s).

This sometimes is called the increment of x around the rectangle [s, t]. Con-
sider the following random variable

DUI(α) = sup
0≤s<t≤1

|∆[s,t]W − (t1 − s1)(t2 − s2)W (1)|
|t− s|α

. (4.13)
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Then following theorem holds.

Theorem 33 Under H ′0 assume that 0 < α < 1/2 and

sup
t>0

tpP (|X1| > t) >∞

for p = 1/(1/2− α). Then

σ−1(nm)−1/2DUI(n,m, α) D−→ DUI(α), as n ∧m→∞,

where σ2 = EX2
1.

Proof. Note first, that under H ′0 the value of statistic DUI(n,m, α) does
not change if Xi are exchanged with Xi − µ0. Assume then that µ0 = 0.
Theorem 21 together with theorem 32 and lemma 8 gives us the result. �

The consistency of the test is given by following theorem.

Theorem 34 Assume under (HA) that the Xij are independent and σ2
0 =

supn var(Xn) is finite. If

lim
m(n)→∞

(nm)1/2hn,m
dαn,m
|µ1 − µ0| → ∞, (4.14)

where

hn,m = k∗l∗

nm

(
1− k∗l∗

nm

)
and dn,m = max

{
k∗

n
,
l∗

m

}
, (4.15)

then

(nm)−1/2DUI(n,m, α)→∞. (4.16)

For the case d = 1 our result replicates the result of Račkauskas and Su-
quet [32]. In this case the test will be able to detect epidemics of order
n

1−2α
2−2α . Now for two dimensional case assume that k∗ = nγ, l∗ = mδ and that

µ1 − µ0 does not depend on (n,m). Then the condition (4.14) becomes

nγ−1/2mδ−1/2

[nγ−1 ∨mδ−1]α →∞.

If nγ−1 > mδ−1 (4.14) reduces to

nγ(1−α)+α−1/2mδ−1/2 →∞,
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thus we can detect very short epidemics of k∗, but we can never get better
rate for epidemic length of l∗. Notice that for δ > 1/2 condition nγ−1 > mδ−1

will be satisfied if m > n2. So we see that to detect very short epidemics for
one index we must have more data for the other index. In case n = m, γ = δ
we have

nγ(1−α)+α−1/2+γ−1/2 = nγ(2−α)+α−1 →∞,

and the best rate is γ > 1/3. We get that in two-dimensional case the rates of
epidemic are influenced not only by α, but also by the relationship between
n and m.

The choice of α is important in the convergence of null hypothesis. In one
dimensional case for the convergence we have the condition limt→∞ t

pP (|X1| >
t) = 0, where p = 1/(1/2−α). Since 1−2α

2−2α → 0, when α→ 1/2, we get better
rates with higher moment conditions.

For case m = n2 the moment condition for convergence is
limt→∞ t

3
3/2−2αP (|X1| > t) = 0. Thus EX6

1 is sufficient.
For case m = n from theorem 22 it follows that 4th moment is sufficient

for convergence for any α, but the rate cannot be lower than 1/3. In one
dimensional case detecting an epidemic of length n1/3 comes with the choice
α = 1/4, which means that we need 4th moment.

Proof of the theorem 34

Define set In,m = [a∗, b∗]× [c∗, d∗] ∩ N2 and random variables

Xij :=

Xij − µ0, (i, j) ∈ Icn,m
Xij − µ1, (i, j) ∈ In,m

We have

∆1
k∗∆2

l∗Sb∗,d∗ − (sb∗ − sa∗)(td∗ − tc∗)Sn,m = S(In,m)− k∗l∗

nm
(S(In,m) + S(Icn,m))

= k∗l∗
(

1− k∗l∗

nm

)
(µ1 − µ0) +Rn,m,

(4.17)

where

Rn,m := −k
∗l∗

nm

∑
i∈Icn,m

X ′i +
(

1− k∗l∗

nm

) ∑
i∈In,m

X ′i.
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Now

var((nm)−1/2Rn,m) ≤ 1
nm

(
k∗l∗

nm

)2

(nm− k∗l∗)σ2
0

+ 1
nm

(
1− k∗l∗

nm

)2

k∗l∗σ2
0 = σ2

0hn,m.

This estimate together with (4.17) leads to the lower bound

(nm)−1/2DUI(n,m, α) ≥ (nm)1/2hn,m
dαn,m
|µ1 − µ0|+OP

(
h1/2
n,m

dαn,m

)
.

Now hn,m ≤ d2
n,m, thus limdn,m→0 h

1/2
n,m/d

α
n,m = 0, so the theorem follows due

to condition (4.14).

4.1.2 Some special cases
In previous section we constructed statistic for detetecting the change in
subrectangle of unit square. Our motivation for such statistic came from
three simple scenarios:

S1. At the start of observation, the change occurs for certain individuals

S2. At the end of observation, the change occurs for certain individuals.

S3. In some time interval the change occurs for all individuals

Using results from the previous section we can adapt the general statistic
DUI(n,m, α) for each of these scenarios. Recall that the alternative hypoth-
esis was of the change in an epidemic rectangle

D∗ =
[
a∗

n
,
b∗

n

]
×
[
c∗

m
,
d∗

m

]
.

Then the respective epidemic rectangles for the scenarios are

D∗1 =
[
0, b

∗

n

]
×
[
0, d

∗

m

]
,

D∗2 =
[
a∗

n
, 1
]
×
[
c∗

m
, 1
]
,

D∗3 = [0, 1]×
[
c∗

m
,
d∗

m

]
.
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Denote si = i/n, tj = j/m. Then the statistic adapted for specific first
scenario is

DUI1(n,m, α) = max
1≤b≤n
1≤d≤m

|Sb,d − sbtdSn,m|
max{sb, td}α

,

since S0,d = S0,0 = Sb,0 = 0, and sa = tc = 0. For the second scenario we
have

DUI2(n,m, α) = max
1≤b≤n
1≤d≤m

|∆1
n−a∆2

m−cSn,m − (1− sa)(1− tc)Sn,m|
max{(1− sa), (1− tc)}α

.

For the third scenario the statistic is defined as

DUI3(n,m, α) = max
1≤c<d≤m

|Sn,d − Sn,c − (td − tc)Sn,m|
(td − tc)α

,

where we changed the denominator, since S0,c = S0,d = 0 and in the nom-
inator only the difference of the second argument matters. All the three
statistics are the functionals of summation process ξn,m similar to functional
gn defined by (4.10). With minimal adaptation similar proposition to the
theorem 32 holds. Define following functionals of Brownian sheet

DUI1(α) = sup
0<t<1

|W (t)− t1t2W (1, 1)|
|t|α

DUI2(α) = sup
0<t<1

|∆[t,1]W − (1− t1)(1− t2)W (1)|
|1− t|α

,

DUI3(α) = sup
0<s<t<1

|W (1, t)−W (1, s)− (t− s)W (1, 1)|
|t− s|α

.

Then following theorem holds.

Theorem 35 For i.i.d. sample of double-indexed data and under null hy-
pothesis of no change for scenarios S1, S2 and S3 assume that 0 < α < 1/2
and

sup
t>0

tpP (|X1| > t) >∞,

for p = 1/(1/2− α). Then for i = 1, 2, 3.

σ−1(nm)−1/2DUIi(n,m, α) D−→ DUIi(α), as n ∧m→∞,
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where σ2 = EX2
1.

Under the alternative hypothesis of the change of the mean in the rectangles
D∗i , i = 1, 2, 3, the lengths of epidemics are

k∗ = b∗, l∗ = d∗, for the rectangle D∗1,
k∗ = 1− a∗, l∗ = 1− c∗, for the rectangle D∗2,
k∗ = n, l∗ = d∗ − c∗, for the rectangle D∗3.

For the rectangles D∗1 and D∗2 the consistency is then the direct corollary of
the theorem (34).

Corollary 36 Given the independent family Xij with σ2
0 = supn var(Xn)

finite under alternative hypothesis of the change of the mean in rectangles
D∗1 and D∗2 we have

(nm)−1/2DUIi(n,m, α)→∞ (4.18)

for i = 1, 2 if

lim
m(n)→∞

(nm)1/2hn,m
dαn,m
|µ1 − µ0| → ∞, (4.19)

where

hn,m = k∗l∗

nm

(
1− k∗l∗

nm

)
and dn,m = max

{
k∗

n
,
l∗

m

}
. (4.20)

For the rectangle D∗3 the conditions for the consistency are slightly different,
since the denominator in the test statistic is different.

Corollary 37 Given the independent family Xij with σ2
0 = supn var(Xn)

finite under alternative hypothesis of the change of the mean in rectangle D∗3
we have

(nm)−1/2DUI3(n,m, α)→∞, (4.21)

if

lim
m(n)→∞

(nm)1/2
(
l∗

m

)1−α (
1− l∗

m

)
|µ1 − µ0| → ∞. (4.22)
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This corollary enables us to improve the detection of short epidemics for the
scenario S3 . If we let l∗ = mδ for some δ > 0, condition (4.22) becomes

n1/2mδ(1−α)+α−1/2(1−mδ−1)→∞,

for δ > 1/2−α
1−α . Since 0 < α < 1/2 we can make δ arbitrarily small. Thus for

certain rectangles it is possible to get similar results as in one dimensional
case.

4.2 Functional central limit theorems for panel
data regressions

4.2.1 Models and the assumptions
Suppose we have a sample of panel data {(yij,x′ij), i = 1, . . . , n; j = 1, . . . ,m}
where x′ij = (xij1, . . . , xijK). We investigate FCLT for following panel regres-
sion models

yij = x′ijβ + uij, (4.23)
yij = x′ijβ + µi + uij, (4.24)

where uij are the disturbances, mean-zero random variables with finite vari-
ance independent of yij and xij.

The goal of panel regression is to estimate coefficient vector β. The
model (4.23) is the classical linear regression model for observations with
two dimensional indexes. The coefficients β are then usually estimated using
least squares:

β̂ =
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijyij. (4.25)

In classical panel data literature (Baltagi [2], Hsiao [16]) this estimate is called
pooled or ordinary least squares estimate, and it is assumed that xij1 = 1
for all i, j, i.e. there is only one constant term. For the model (4.24) the
constant term is allowed to vary through i and is considered as a nuisance
parameter. The coefficient vector β in this case is estimated by solving least
squares problem for the model

yij − yi. = (xij − xi.)β + uij − ui., (4.26)
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where

yi· =
1
m

m∑
j=1

yij, xi· =
1
m

m∑
j=1

xij, ui· =
1
m

m∑
j=1

uij.

The estimate of β is then

β̂FE =
 n∑
i=1

m∑
j=1

(xij − xi.)(xij − xi.)′
−1

n∑
i=1

m∑
j=1

(xij − xi·)(yij − yi·). (4.27)

We are interested in proving FCLT for regression residuals. For model (4.23)
they are defined as

ûij = yij − x′ijβ̂. = uij − x′ij(β̂ − β).

By substituting the expression for yij we immediately get

ûij = uij − x′ij(β̂ − β). (4.28)

Now

β̂ − β =
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijuij,

and we see that FCLT for regression residuals depends on distributional prop-
erties of regression disturbances. For this section let us make the following
assumption.
Assumption F Let random variables uij have zero mean, variance σ2 and
be independent of xij. Assume that the summation process based on these
random variables defined as

ξn,m(t, s) = nm
n∑
i=1

m∑
j=1

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣uij, (4.29)

satisfies the functional central limit theorem:

1
σ
√
nm

ξn,m(t, s) D−→ W (t, s), as n ∧m→∞,

in the space Ho
α([0, 1]2) with 0 < α < 1/2.

From (4.28) it is also evident that we have to make assumptions on xij in
the panel regression model (4.23).
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Assumption A Let xij1 = 1 for all 1 ≤ (i, j) ≤ (n,m). Assume that

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xijx′ij = R, (4.30)

for some nonsingular (K×K) matrix R. Furthermore assume that the model
is reparameterized such that

R =
[
1 0
0 R∗

]
, (4.31)

which in turn implies that

c ≡ lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xij = [1, 0, . . . , 0]′. (4.32)

Assumption F implies that uij satisfy central limit theorem, which together
with assumption A implies that

1√
nm

 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijuij D−→ N(0, σ2R), as n ∧m→∞. (4.33)

Assumption A also implies that

1
nm

[nt]∑
i=1

[ms]∑
j=1

xij → tsc, as n ∧m→∞,

for each fixed t and s. Using results from section 2.1 we get that summation
process based on xij also has the same limit

Xn,m(t, s) = 1
nm

m∑
j=1

nm
∣∣∣∣[i− 1

n
,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣xij
→ tsc (4.34)

for each fixed t and s. But assumption A also ensures that {Xn,m, (n,m) ∈
N2} is equicontinuous in Hölder space Ho

α([0, 1]2,RK). Thus we get that

Xn,m(t, s)→ tsc, as n ∧m→∞. (4.35)
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in Ho
α([0, 1]2,RK). We can write

√
nm(β̂ − β) =

[
1 0
0 R∗

] 
1√
nm

n∑
i=1

m∑
j=1
uij

1√
nm

n∑
i=1

m∑
j=1

x∗ijuij,

+ oP (1)

where x∗ij = [xij2, . . . , xijK ]′. This representation together with (4.34) gives
us the convergence

1√
nm

m∑
j=1

nm

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣x′ij(β̂ − β)

D−→ tsW (1, 1),

as n∧m→∞ in the space Ho
α([0, 1]2). We have proved the following theorem.

Theorem 38 For the panel regression model

yij = x′ijβ + uij, (4.36)

define the summation process

Ŵ (n,m)(t, s) = nm
n∑
i=1

m∑
j=1

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣ ûij.
Given the assumptions F and A we have

1
σ
√
nm

Ŵ (n,m)(t, s) D−→ W (t, s)− tsW (1, 1), as n ∧m→∞,

in the space Ho
α([0, 1]2), with 0 < α < 1/2.

Let us turn now to the model (4.24). Since the fixed effect estimate β̂FE
comes from the adjusted regression (4.26) it is natural to define residuals as

ûFE = ỹij − x̃ijβ̂FE,

where ỹij = yij − yi., and x̃ij is defined analogously. Substituting the model
(4.24) we get that

ûFEij = uij − ui· − x̃′ij(β̂FE − β).

For model (4.24) we make slightly different assumptions about xij.
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Assumption B Assume that

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

x̃ijx̃′ij = R̃ (4.37)

for some nonsingular (K ×K) matrix R̃, and that

lim
n∧m→∞

1
nm

n∑
i=1

m∑
j=1

xij = c (4.38)

for some c ∈ RK.

Now

β̂FE − β =
 n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
n∑
i=1

m∑
j=1

x̃ij(uij − ui·)

=
 n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
n∑
i=1

m∑
j=1

x̃ijuij,

since
m∑
j=1

x̃ij = 0.

Thus assumption (F) gives us
√
nm(β̂FE − β) D−→ N(0, σ2R̃).

From condition (4.38) we get

1
nm

[nt]∑
i=1

[ms]∑
j=1

x̃ij → 0,

for each fixed t and s. Then similar to (4.35) for summation process X̃n,m(t, s)
based on x̃ij we get that

X̃n,m(t, s)→ 0, as n ∧m→∞, (4.39)
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in Ho
α([0, 1]2,RK). Now relationships

n∑
i=1

m∑
j=1

nm

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣ui·
=

n∑
i=1

m∑
l=1

n

∣∣∣∣[i− 1
n

,
i

n

)
∩ [0, t]

∣∣∣∣uil m∑
j=1

∣∣∣∣[j − 1
m

,
j

m

)
∩ [0, s]

∣∣∣∣
= s

n∑
i=1

m∑
j=1

nm
∣∣∣∣[i− 1

n
,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, 1]

∣∣∣∣uij
complete the proof of the following theorem.

Theorem 39 For the panel regression model

yij = x′ijβ + µi + uij, (4.40)

define the summation process

Ŵ FE
nm (t, s) = nm

n∑
i=1

m∑
j=1

∣∣∣∣[i− 1
n

,
i

n

)
×
[
j − 1
m

,
j

m

)
∩ [0, t]× [0, s]

∣∣∣∣ ûFEij .
Given the assumptions F and B, we have

Ŵ FE
nm (t, s) D−→ W (t, s)− sW (t, 1), as n ∧m→∞,

in the space Ho
α([0, 1]2), with 0 < α < 1/2.

4.2.2 Local alternatives
It is possible to get meaningful results if we alter the original regression
models. Assume that coefficient β in the pooled regression actually varies
accross i and j:

βij = β + 1√
nm

g
(
i

n
,
j

m

)
(4.41)

where g is K-vector valued function continuous on [0, 1]2.
As n ∧m→∞ this alternative to the regresion model

ylocij = x′ijβij + uij,

converges to model (4.23). Define least squares estimate for this regression
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as

β̂loc =
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijylocij .

The following theorem then holds

Theorem 40 Define summation process Ŵ (n,m) based on residuals

ulocij = ylocij − x′ijβ̂loc.

Given the assumptions F and A we have

Ŵ (n,m)(t, s) D−→ W (t, s)− tsW (1, 1)

+
∫ t

0

∫ s

0
c′g(u, v) du dv − tsc′

∫ 1

0

∫ 1

0
g(u, v) du dv.

Proof. Note that

β̂loc = β̂ + 1√
nm

dn,m,

where

dn,m =
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijx′ijg
(
i

n
,
j

m

)
.

Thus we can decompose the residuals ulocij into following sums:

ulocij = uij + x′ijβij − x′ijβ̂loc

= uij − x′ij(β̂ − β) + 1√
nm

x′ijg
(
i

n
,
j

m

)
− 1√

nm
x′ijdn,m

= ûij + 1√
nm

x′ijg
(
i

n
,
j

m

)
− 1√

nm
x′ijdn,m.

Using assumption A and properties of g for each fixed t and s we get

1
nm

[nt]∑
i=1

[ms]∑
j=1

x′ijg
(
i

n
,
j

m

)
→
∫ t

0

∫ s

0
c′g(u, v) du dv, (4.42)

as n∧m→∞. Using the same arguments as in (4.34) we get that summation
process based on x′ijg

(
i
n
, j
m

)
has the same limit in Hölder space Ho

α([0, 1]2).
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Similarly we get

dn,m →
∫ 1

0

∫ 1

0
g(u, v) du dv, as n ∧m→∞. (4.43)

Since dn,m does not depend on i and j, the convergence (4.34) and theorem
38 complete the proof. �

Consider the same local alternatives (4.41) for the fixed-effects panel re-
gression. Then the alternative model is

ylocij = µi + x′ijβij + uij. (4.44)

Define analogously fixed effect estimate

βFEloc =
 n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
n∑
i=1

m∑
j=1

x̃ij ỹlocij . (4.45)

Then the following theorem holds.

Theorem 41 Define summation process Ŵ (n,m) based on residuals

ũlocij = ỹlocij − x̃′ijβFEloc .

Given the assumptions F and B we have

Ŵ (n,m)(t, s) D−→ W (t, s)− sW (t, 1)

+
∫ t

0

∫ s

0
c′g(u, v) du dv − s

∫ t

0

∫ 1

0
c′g(u, v) du dv,

as n ∧m→∞, in the space Ho
α([0, 1]2), with 0 < α < 1/2.

Proof. Introduce definitions

gij = g
(
i

n
,
j

m

)
, f̄i· =

1
m

m∑
i=1

x′ijgij.

Then for our alternative model (4.44) we get

ỹlocij = x̃′ijβ + ũij + 1√
nm

x′ijgij −
1√
nm

f̄i·.
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Then from the definition (4.45) it follows that

βFEloc = β̂FE + 1√
nm

dn,m,

where

dn,m =
 n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
n∑
i=1

m∑
j=1

x̃ij(x′ijgij − f̄i·).

Substituting these expressions to the definition of the residuals we obtain

ûlocij = x̃′ijβ + ũij + 1√
nm

(x′ijgij − f̄i·)− x̃′ijβFEloc

= ũij − x̃′ij(β̂FE − β) + 1√
nm

(x′ijgij − f̄i·)−
1√
nm

x̃′ijdn,m

= ûFEij + 1√
nm

(x′ijgij − f̄i·)−
1√
nm

x̃′ijdn,m.

Now given assumption B, similar to (4.42) we get that

1
nm

[nt]∑
i=1

[ms]∑
j=1

x′ijg
(
i

n
,
j

m

)
→
∫ t

0

∫ s

0
c′g(u, v) du dv,

as n ∧m→∞ for each fixed t and s. Similarly

1
nm

[nt]∑
i=1

[ms]∑
j=1
f̄i· =

1
nm

[nt]∑
i=1

m∑
j=1

x′ijg
(
i

n
,
j

m

)
→ s

∫ t

0

∫ 1

0
c′g(u, v) du dv,

as n ∧m→∞ for each fixed t and s. From
m∑
j=1

x̃ij = 0

it follows that

1
nm

m∑
i=1

m∑
j=1

x̃ijf̄i· = 0 and 1
nm

n∑
i=1

m∑
j=1

x̃ijx̄′i· = 0.
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Since g is continuous on [0, 1]2, it is bounded:

sup
t,s∈[0,1]2

|g(t, s)| ≤ C.

Then

dn,m =
 1
nm

n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
1
nm

n∑
i=1

m∑
j=1

x̃ij(xijgij − f̄i·)

=
 1
nm

n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
1
nm

n∑
i=1

m∑
j=1

x̃ij(x̃′ijgij + x̄′i·gij) ≤ C

and similar to the proof of the theorem 40 the convergence (4.39) and theorem
38 complete the proof. �

4.3 Change point statistics for panel regres-
sions

4.3.1 Tests and their behaviour under null hypothesis
Combining results from previous sections we can now suggest statistics for
detecting the change point in panel regression models and give their limiting
distributions. Under assumption F and respective assumptions A and B the
residuals for our regression models

yij = x′ijβ + uij, (4.46)
yij = x′ijβ + µi + uij, (4.47)

satisfy functional central limit theorem. Then it is natural to “plug” respec-
tive partial sums of these regression residuals to statistic DUI(n,m, α) and
its special variants DUIi(n,m, α), i = 1, 2, 3. For the model (4.46) define the
partial sums

Ŝkl =
k∑
i=1

l∑
j=1

ûij
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and the statistic

D̂UI(n,m, α) = max
1≤a<b≤n
1≤c<d≤m

|∆1
b−a∆2

d−cŜb,d − (sb − sa)(td − tc)Ŝn,m|
max{sb − sa, td − tc}α

(4.48)

with sk = k/n and tl = l/m. We have then the following corollary

Corollary 42 Under null hypothesis of no change in the regression coeffi-
cient β of the model 4.46 given the assumptions F and A

σ−1(nm)−1/2D̂UI(n,m, α) D−→ DUI(α), as n ∧m→∞,

for the local alternatives model

βij = β + 1√
nm

g
(
i

n
,
j

m

)

with g continuous on [0, 1]2, we have similar result with the limiting statistic

DUI loc(α) =

sup
0≤s<t≤1

|∆[s,t]W − π(t− s)W (1) +
∫

[s,t] c
′g − π(t− s)

∫
[0,1]2 c

′g|
|t− s|α

. (4.49)

Note that the limiting statistic remains the same as in the theorem 33. This
corollary can be considered as the generalization of the results of Ploberger
and Krämer [23] for the regression of double-indexed random variables.

For the regression model (4.47) define partial sums

ŜFEkl =
k∑
i=1

l∑
j=1

ûFEij

and the statistic

D̂UI
FE

(n,m, α) = max
1≤a<b≤n
1≤c<d≤m

|∆1
b−a∆2

d−cŜb,d − (sb − sa)(td − tc)Ŝn,m|
max{sb − sa, td − tc}α

. (4.50)

The limiting distribution then is

DUIFE(α) = sup
0≤s<t≤1

|∆[s,t]W − (t2 − s2)[W (t1, 1)−W (s1, 1)]|
|t− s|α

.

and the corollary
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Corollary 43 Under null hypothesis of no change in the regression coeffi-
cient β of the model (4.24) given the assumptions F and B

σ−1(nm)−1/2D̂UI
FE

(n,m, α) D−→ DUIFE(α), as n ∧m→∞,

for the local alternatives model

βij = β + 1√
nm

g
(
i

n
,
j

m

)

with g continuous on [0, 1]2, we have similar result with the limiting statistic

DUIFEloc (α) = (4.51)

sup
0≤s<t≤1

|∆[s,t]W − (t2 − s2)∆1
t1−s1W (t1, 1) +

∫
[s,t] c

′g − (t2 − s2)
∫ t1
s1

∫ 1
0 c
′g|

|t− s|α
.

(4.52)

4.3.2 Consistency of the epidemic alternatives
Consider that there is a change of the regression coefficient β in rectangle

D∗ =
[
a∗

n
,
b∗

n

]
×
[
c∗

m
,
d∗

m

]
,

or that the true panel regression models are

yij = x′ijβ0 + x′ijdij + uij (4.53)
yij = x′ijβ0 + x′ijdij + µi + uij, (4.54)

where

dij = (β1 − β0)1
([

i

n
,
j

m

]
∩D∗

)
.

Denote by

en,m =
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijx′ijdij
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and introduce quantity

∆(n,m,D∗) =
(

1− k∗l∗

nm

)
n∑
i=1

m∑
j=1

x′ijdij

−
n∑
i=1

m∑
j=1

x′ijen,m1
([

i

n
,
j

m

]
∩D∗

)
+ k∗l∗

nm

n∑
i=1

m∑
j=1

x′ijen,m,

where k∗ = b∗ − a∗, l∗ = d∗ − c∗ are the lengths of epidemics.

Theorem 44 Under alternative hypothesis of the change of the regression
coefficient β of the model (4.46)

(nm)−1/2D̂UI(n,m, α)→∞, as n ∧m→∞,

provided

(nm)−1/2 max
{
k∗

n
,
l∗

m

}−α
|∆(nm,D∗)| → ∞, as n ∧m→∞.

Proof. The least squares estimate for the model (4.53) satisfies

β̂ =
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

x′ijyij

= β0 +
 n∑
i=1

m∑
j=1

xijx′ij

−1
n∑
i=1

m∑
j=1

xijuij + en,m.

The regression residuals then satisfy

ûaltij = ûij + x′ijdij − x′ijen,m,

where ûij are the regression residuals of the model (4.46). Under alternative
hypothesis then

D̂UI(n,m, α) ≥ max
{
k∗

n
,
l∗

m

}−α ∣∣∣∣∣∆1
k∗∆2

l∗Ŝ
alt
b∗d −

k∗l∗

nm
Ŝaltn,m

∣∣∣∣∣
≥ max

{
k∗

n
,
l∗

m

}−α
(|∆(nm,D∗)| − |T (n,m,D∗)|),
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where

T (n,m,D∗) = ∆1
k∗∆2

l∗Ŝb∗d −
k∗l∗

nm
Ŝn,m

since

(nm)−1/2 max
{
k∗

n
,
l∗

m

}−α
T (n,m,D∗) = OP (1),

due to corollary 42, the proof is complete. �
Denote by

x∗ij = xij −
1
m

d∗∑
j=c∗

xij,

and define

∆FE(n,m,D∗) =
(

1− k∗l∗

nm

)
n∑
i=1

m∑
j=1

x′∗ijdij −
n∑
i=1

m∑
j=1

x′∗ijeFEn,m1
([

i

n
,
j

m

]
∩D∗

)

+ k∗l∗

nm

n∑
i=1

m∑
j=1

x′∗ijeFEn,m,

where

eFEn,m =
 n∑
i=1

m∑
j=1

x̃ijx̃′ij

−1
n∑
i=1

m∑
j=1

x̃ijx′∗ijdij.

Theorem 45 Under alternative hypothesis of the change of the regression
coefficient β of the model (4.47)

(nm)−1/2D̂UI
FE

(n,m, α)→∞, as n ∧m→∞,

provided

(nm)−1/2 max
{
k∗

n
,
l∗

m

}−α
|∆FE(n,m,D∗)| → ∞, as n ∧m→∞.

Proof. Due to definition of dij we have

ỹij = x̃′ijβ0 + x′∗ijdij + ũij,
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since β̂FE is the least squares estimate of

ỹij = x̃′ijβ + ũij.

The proof is identical to the proof of the theorem 44 with notation changed. �

4.3.3 Practical considerations and discussion
Note that all of the results in this section relied on the assumption, that
regression disturbances satisfy FCLT in Hölder space Ho

α([0, 1]2). From the
chapter 3 we know that FCLT holds if disturbances are i.i.d. and satisfy the
moment condition

sup
t>0

t1/(1/2−α)P (|u11| > t) <∞.

For the practical applications the i.i.d. condition sometimes can be too re-
strictive. On the other hand to lift this restriction we just need to prove
the FCLT for wider class of double-indexed random variables. Statistics for
testing the change of the regression coefficients remain the same.

Throughout this chapter we focused on constructing statistics for testing
against epidemic alternatives. Then the FCLT in Hölder space is needed,
since the statistics are the functionals which are continuous only in Hölder
space. If in the statistic DUI(n,m, α) we drop the denominator, then the
statistics are continuous functionals in the spaces C([0, 1]2) and D([0, 1]2).
Then all the results from previous section apply for such statistics given the
assumption of the FCLT in C([0, 1]d) or D([0, 1]2). The FCLT in D([0, 1]2)
is proved for wider class of random variables, for strictly stationary multi-
indexed random variables satisfying mixing condition by Deo [9] and for
strictly stationary multi-indexed martingale differences by Basu and Dorea
[4] to name a few. Thus we can apply these types of statistics for wider class
of disturbances. In particular if we drop the denominator in the statistic
DUI1(n,m, α), our results are then a generalization of Ploberger and Krämer
[23].
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